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Plenary Talk 1

Martin Hairer1

1U. of Warwick, Coventry
01.03.2016
P1 | 10:00
AudimaxxOn random rubber bands

A rubber band constrained to remain on a manifold evolves by trying to shorten its length,
eventually settling on some minimal closed geodesic, or collapsing entirely. It is natural to
try to consider a noisy version of such a model where each segment of the band gets pulled
in random directions. Trying to build such a model turns out to be surprisingly di�cult
and generates a number of nice geometric insights, as well as some beautiful algebraic and
analytical objects.

Plenary Talk 2

Laszlo Erdös1

1Institute of Science and Technology Austria, Klosterneuburg
01.03.2016
P2 | 17:30
AudimaxxLocal laws for eigenvalues of random matrices

The empirical eigenvalue distribution of random matrix ensembles become deterministic
as the size N of the matrix tends to in�nity. Individual eigenvalues �uctuate but typically
on a very small scale, comparable with the eigenvalue spacing. Hence the limiting density
correctly describes the eigenvalues not only on large scales but also locally, on the smallest
possible microscopic scale. A prominent random matrix ensemble is the sum of two hermitian
matrices A and B conjugated with a Haar unitary U. We show that the eigenvalue density
of A+UBU∗ is given by the free convolution down to the optimal scale. Recent local laws
for some other ensembles will also be discussed.
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Planery Talk 3

Sandrine Dudoit1

1University of California, Berkeley, Biostatistics and Statistics, Berkeley
02.03.2016
P3 | 09:00
AudimaxxIdenti�cation of Novel Cell Types in the Brain Using Single-Cell Transcriptome

Sequencing

Single-cell transcriptome sequencing (scRNA-Seq), which combines high-throughput single-
cell extraction and sequencing capabilities, enables the transcriptome of large numbers of
individual cells to be assayed e�ciently. Pro�ling of gene expression at the single-cell level
for a large sample of cells is crucial for addressing many biologically relevant questions, such
as, the investigation of rare cell types or primary cells (e.g., early development, where each
of a small number of cells may have a distinct function) and the examination of subpopula-
tions of cells from a larger heterogeneous population (e.g., classifying cells in brain tissues).
I will discuss some of the statistical analysis issues that have arisen in the context of a col-
laboration funded by the Brain Research through Advancing Innovative Neurotechnologies
(BRAIN) Initiative, with the aim of classifying neuronal cells in the mouse somatosen-
sory cortex. These issues, ranging from so-called low-level to high-level analyses, include:
experimental design, exploratory data analysis (EDA) of scRNA-Seq reads, quality assess-
ment/control (QA/QC), normalization to account for nuisance technical e�ects, cluster
analysis to identify novel cell types, and di�erential expression analysis to derive gene ex-
pression signatures for the cell types.

Planery Talk 4

Walter Schachermayer1

1University of Vienna, Department of Mathematics, Vienna
03.03.2016
P4 | 09:00
AudimaxxDuality Methods in Portfolio Optimization under transaction costs

We review several recent results for portfolio optimization under proportional transaction
costs, such as a Tobin tax. Special emphasis will be put on �nancial models based on
fractional Brownian motion.
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Planery Talk 5

Iain Johnstone1

1Stanford University, Statistics, Health Research and Policy, Stanford
04.03.2016
P5 | 11:30
AudimaxxLikelihood ratios for eigenvalues in spiked multivariate models

In 1964 Alan James gave a remarkable classi�cation of many of the eigenvalue distribu-
tion problems of multivariate statistics. We show how the classi�cation readily adapts to
contemporary "spiked models" high dimensional data with low rank structure. In particular
we look at asymptotic approximations to the likelihood ratios when the number of variables
grows proportionately with sample size or degrees of freedom. High dimensions bring phase
transition phenomena, with quite di�erent limit behavior for small and large spike strengths.
James' framework allows us to develop these in a uni�ed way across problems such as signal
detection, matrix denoising, regression and canonical correlations.
(Joint work with Alexei Onatski and Prathapa Dharmawansa).
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Section 1: Stochastic Analysis

Davar Khoshnevisan1

1University of Utah, Mathematics, Salt Lake City
04.03.2016
S1 | 09:00

HZO40On the stochastic heat equation

It has been long expected, and in various cases proved, that a stochastic heat equation
with a multiplicative noise term can have solutions that develop very tall peaks, inter-
spersed by vast space-time low-acitivity regions wherein the solution is quite small. We
will describe some of the recent e�orts to develop the mathematics behind such problems.
Time-permitting, recent connections to the macroscopic multifractal structure of the tall
peaks of the solution will also be presented.
This talk is based on collaborative works with K. Kim, C. Mueller, S.-Y. Shiu, and Y. Xiao.

Ehsan Azmoodeh1, Giovanni Peccati2

1University of Vaasa, Department of Mathematics and Statistics, Vaasa
2University of Luxembourg, Luxembourg

02.03.2016
S1 | 15:30
NA 02/99On the optimality of Malliavin-Stein bound for normal approximation on the

Poisson space

Using Malliavin calculus and Stein method techniques, we establish new lower bounds for
the normal approximation in the Wasserstein distance of random variables that are function-
als of a random Poisson measure. Our results generalize previous �ndings by Nourdin and
Peccati (2009, 2015), involving random variables living on a Gaussian space. We apply our
theoretical result to obtain the optimal Berry-Esseen bounds for edge counting in random
geometric graphs.
The talk is based on the following recent work.
Ehsan Azmoodeh, Giovanni Peccati (2015), Optimal Berry-Esseen bounds on the Poisson
space. http://arxiv.org/abs/1505.02578.
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Florian Baumgartner1

1Universität Innsbruck, Institut für Mathematik, Innsbruck
02.03.2016
S1 | 10:30
NA 02/99Injection techniques for in�nite-dimensional non-metric spaces and applications

to Lévy processes

Investigating the Lévy-Itô decomposition of Lévy processes with values in a locally convex
Suslin space E, one encounters di�culties like a non-metric structure and uncountable
neighbourhood bases. In particular, the following questions are essential:

(Q1) Can one prove a.s. convergence of a series of independent elements de�ning a com-
pensated Poisson integral in E?

(Q2) Are left limits and thus jumps measurable in the space of càdlàg functions
D([0,∞);E) with values in these spaces?

In order to �nd an almost surely converging compensated Poisson integral handling the small
jumps of the process, one has to use results for series of random elements in a Banach space
which is continuously embedded in the given state space. Also, measurability properties of
paths do not translate immediately to measurability of the jump process without additional
considerations.
We propose a method exploiting the Suslin property of the state space to overcome these
di�culties. It is based on the fact that on comparable Suslin topologies, the respective
Borel-σ-algebras coincide.
Concerning (Q1), we will give su�cient conditions on the state space (satis�ed e.g. by all
separable Banach and Fréchet spaces and all common distribution spaces) to guarantee
the embedding procedure of a separable Banach space. In order to obtain the desired
measurability properties of the jumps (Q2), we introduce a continuous metric on the state
space.
The proposed framework for E generalises and uni�es results for vector-valued Lévy pro-
cesses in the case of separable Banach spaces [3] and Suslin duals of nuclear spaces [4].

In the end, we give an outlook to which extent these techniques can be used in order
to prove implications between various convergences of random elements in the considered
spaces.

References:
[1] F. Baumgartner. Stochastic Analysis for Lévy Processes. PhD thesis, Universität
Innsbruck, 2015.
[2] F. Baumgartner. Lévy processes with values in locally convex Suslin spaces.
submitted, ArXiv 1510.00538, 2015.
[3] E. Dettweiler. Banach space valued processes with independent increments and
stochastic integration. In Probability in Banach spaces IV (Oberwolfach 1982), volume
990 of Lectures Notes in Mathematics, pages 54�83, 1983.
[4] A. S. Üstünel. Additive processes on nuclear spaces. Ann. Probab., 12(3):858�868,
1984.
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Luigi Amedeo Bianchi1, Dirk Blömker1, Philipp Wacker1

1Universität Augsburg, Augsburg
03.03.2016
S1 | 14:30

HZO40Pattern size in Gaussian �elds from spinodal decomposition

We study the two-dimensional snake-like pattern that arises in phase separation of alloys
described by spinodal decomposition in the Cahn-Hilliard-Cook model. These are somewhat
universal patterns due to an overlay of eigenfunctions of the Laplacian with a similar wave-
number. Similar structures appear in other models like reaction-di�usion systems describing
animal coats' patterns or vegetation patterns in deserti�cation.
Our main result studies random functions given by cosine Fourier series with independent
Gaussian coe�cients, that dominate the dynamics in the Cahn-Hilliard model. This is not
a cosine process, as the sum is taken over domains in Fourier space that not only grow and
scale with a parameter of order 1/ε, but also move to in�nity. Moreover, the model under
consideration is neither stationary nor isotropic.
To study the pattern size of nodal domains we consider the density of zeros on any straight
line through the spatial domain. Using a theorem by Edelman and Kostlan and weighted
ergodic theorems that ensure the convergence of the moving sums, we show that the average
distance of zeros is asymptotically of order ε with a precisely given constant.

Jana Bielagk1, Peter Imkeller1, Gonçalo dos Reis2

1Humboldt-Universität zu Berlin, Mathematics, Berlin
2The University of Edinburgh, Mathematics, Edinburgh

02.03.2016
S1 | 15:00
NA 02/99Directional and Malliavin Derivative of Path-Dependent Functions

We aim at expanding directional derivatives of path-dependent functions beyond Cameron-
Martin directions and link them to the Malliavin derivative.

We focus on functions F ∈ L2(Ω) with representation

F (ω) = f

((∫ 1

0
Hpm(t)dω(t)

)
pm

)
,

where (Hpm) shall denote the Haar functions on [0, 1]. Candidates for directions are on
the one hand (Hölder-)continuous functions and on the other hand measures on the unit
interval. We therefore work with di�erent integral types.
Under suitable conditions we �nd that the desired extensions are possible and we also identify
certain limits beyond which one cannot hope to get reasonable directional derivatives. We
also give a link to the Fournié-Cont calculus.
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Dirk Blömker1, Luigi Amedeo Bianchi1

1Universität Augsburg, Institut für Mathematik, Augsburg
03.03.2016
S1 | 15:00

HZO40Modulation Equation for SPDEs in unbounded domains with space-time white
noise

We study the approximation of stochastic partial equations (SPDEs) on the whole real line
near a change of stability via modulation or amplitude equations, which acts as a replace-
ment for the lack of random invariant manifolds on extended domains. Here solutions are
described by a slowly modulated periodic pattern.
Due to the unboundedness of the underlying domain a whole band of in�nitely many eigen-
functions changes stability. Thus we expect not only a slow motion in time, but also a slow
spatial modulation of the dominant modes, which is described by the modulation equation.
This is an SPDE that serves as the normal form for the bifurcation.
As a �rst step towards a full theory of modulation equations for nonlinear SPDEs on un-
bounded domains, we focus, in the results presented here, mainly on the linear theory for
one particular example, the Swift-Hohenberg equation. Here we need to estimate stochastic
convolutions, where the integrands are explicitly given by Fourier multipliers.
These linear results are one of the key technical tools to carry over the deterministic ap-
proximation results to the stochastic case with additive forcing. One technical problem for
establishing error estimates rises from the spatially translation invariant nature of space-time
white noise on unbounded domains, which implies that at any time we can expect the error
to be always very large somewhere in space.

Oleg Butkovsky1, Leonid Mytnik1

1Technion, Faculty of Industrial Engineering, Haifa
03.03.2016
S1 | 17:00

HZO50Path-by-path uniqueness of solutions of stochastic heat equation with a drift

It is well known from the results of A. Zvonkin, A. Veretennikov, N. Krylov, A. Davie,
F. Flandoli, J. Mattingly, M. Scheutzow and other probabilists that ordinary di�erential
equations (ODEs) regularize in the presence of noise. Even if an ODE is "very bad" and
has no solutions (or has many solutions), then the addition of a random noise leads almost
surely to a "nice" ODE with a unique solution. We investigate the same phenomenon for
a 1D heat equation with an irregular drift

∂u

∂t
=
∂2u

∂z2
+ b(u(t, z)) + Ẇ (t, z), t ≥ 0, z ∈ R.

We prove that for almost all trajectories of random white noise W the perturbed heat
equation has a unique solution (even if the original heat equation with a drift had many or
no solutions).
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Simon Campese1

1Università di Roma Tor Vergata, Dipartimento di Matematica, Roma
01.03.2016
S1 | 15:00

HZO40A limit theorem for the moments in space of Browian local time increments

A limit theorem for the moments in space of Brownian local time increments is presented.
As special cases for the second and third moments, the central limit theorems by Chen et
al. (Ann. Prob. 38, 2010, no. 1) and Rosen (Stoch. Dyn. 11, 2011, no. 1), which
were later reproven by Hu and Nualart (Electron. Commun. Probab. 14, 2009; Electron.
Commun. Probab. 15, 2010) and Rosen (Séminaire de Probabilités XLIII, Springer, 2011)
are contained. Furthermore, a conjecture of Rosen for the fourth moment is settled. In
comparison to the previous methods of proof, we follow a fundamentally di�erent approach
by exclusively working in the space variable of the Brownian local time, which allows to
give a uni�ed argument for arbitrary orders. The main ingredients are Perkins' semimartin-
gale decomposition, the Kailath-Segall identity and an asymptotic Ray-Knight Theorem by
Pitman and Yor.

Carsten Chong1

1Technische Universität München, Garching
02.03.2016
S1 | 11:00

HZO40Stochastic PDEs driven by Lévy noise: theory and simulation

In this talk we analyze stochastic Volterra equations driven by space�time Lévy noise,
which includes certain semi-linear stochastic PDEs as a particular subclass. We discuss
conditions on the Volterra kernel and the Lévy characteristics that ensure the existence and
uniqueness of solutions on bounded or unbounded intervals. Based on this theory, we further
investigate numerical schemes for the simulation of stochastic Volterra equations, and show,
under reasonable assumptions, their Lp- and almost sure convergence to the true solution
with explicit convergence rates. A simulation study visualizes the investigated processes.
This talk is partially based on joint work with Bohan Chen and Claudia Klüppelberg.

Sonja Cox1, Arnulf Jentzen2, Ryan Kurniawan2, Timo Welti2

1University of Amsterdam, Amsterdam
2ETH, Zurich

02.03.2016
S1 | 11:30

HZO40Weak convergence for semi-linear SPDEs

In numerical analysis for stochastic di�erential equations, a general rule of thumb is that the
optimal weak convergence rate of a numerical scheme is twice as large as the optimal strong
convergence rate. However, for SPDEs the optimal weak convergence rate is di�cult to
establish theoretically. Recently, progress was been made by Jentzen, Kurniawan and Welti
for semi-linear SPDEs using the so-called mild Itô formula. We consider this approach
for the stochastic wave equation, and discuss the necessity of extending the theory to the
Banach space setting in order to obtain optimal rates when the non-linear terms are given
by Nemytskii operators.
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David Criens1, Kathrin Glau1

1Technische Universität München, Garching
01.03.2016
S1 | 16:00

HZO40Martingality in Terms of Semimartingale Problems

Starting from the seventies mathematicians face the question whether a non-negative local
martingale is a true martingale or a strict local martingale. In this article we answer this
question from a semimartingale perspective. Our results are based on semimartingale prob-
lems, which were introduced in Jacod (1979). We derive su�cient and necessary conditions
for a non-negative local martingale to be a true respectively a strict local martingale in terms
of existence and local uniqueness properties of a semimartingale problem. As case studies
we connect our result with the concepts of stochastic di�erential equations and classical
local martingale problems. Moreover, in these two settings we state explicit conditions and
give examples.

Paolo Di Tella1, Hans-Jürgen Engelbert2

1TU Dresden, Dresden
2University, Jena

01.03.2016
S1 | 15:30

HZO40The Chaotic Representation Property of Compensated-Covariation Stable
Families of Martingales

We study the chaotic representation property for certain families X of square integrable
martingales on a �nite time interval [0, T ]. For this purpose, we introduce the notion of
compensated- covariation stability of such families. The chaotic representation property
will be de�ned using iterated integrals with respect to a given family X of square integrable
martingales having deterministic mutual predictable covariation. The main result is: If X is
a compensated-covariation stable family of square integrable martingales such that ⟨X,Y ⟩
is deterministic for all X,Y ∈ X and, furthermore, the system of monomials generated by
X is total in L2(Ω,FT ,P), then X possesses the chaotic representation property. We shall
then give concrete examples in the case of Lévy processes.
This talk is based on a joint paper with H.-J. Engelbert.
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Dirk Erhard1

1Warwick University, Mathematics Department, Coventry
03.03.2016
S1 | 15:30

HZO40On a scaling limit of the parabolic Anderson model with exclusion interaction

This talk is about the parabolic Anderson equation ∂u(x, t)/∂t = ∆u(x, t) + [ξ(x, t) −
ρ]u(x, t), x ∈ Zd, t ≥ 0. Here, ∆ is the discrete Laplacian and the ξ-�eld is a dynamic
random environment with mean ρ that drives the equation. The solution of the parabolic
Anderson equation describes the evolution of a �eld of particles performing independent
simple random walks with binary branching: particles jump at rate 2d, split into two at
rate ξ ∨ 0, and die at rate −ξ ∨ 0. I will focus on the case where ξ is given in terms of
a simple symmetric exclusion process, i.e., ξ can be described by a �eld of simple random
walks that move independently from each other subject to the rule that no two random
walks are allowed to occupy the same site at the same time. I will discuss the behaviour of
the equation when time and space are suitably scaled by some parameter N that tends to
in�nity. It turns out that in dimension two and three a renormalisation has to be carried
out in order to see a non-trivial limit.
This is joint work in progress with Martin Hairer.

Christel Geiss1, Alexander Steinicke2

1University of Jyväskylä, Department of Mathematics and Stochastics, Jyväskylä
2University of Innsbruck, Department of Mathematics, Innsbruck

02.03.2016
S1 | 14:00
NA 02/99Boundedness properties of Lévy driven BSDEs derived by its Malliavin derivative

Let X be a Lévy process with characteristic triplet (γ, σ, ν). For t ∈ [0, T ] we consider the
backward stochastic di�erential equation (BSDE)

Yt = ξ +

∫ T

t
f (Xs, s, Ys, Zs, Us,·) ds− σ

∫ T

t
ZsdWs +

∫
(t,T ]×R

Us,xÑ(ds, dx),

where Xs := (Xu)u∈[0,s], W denotes the standard Brownian motion and Ñ the compen-
sated Poisson random measure associated with X. The generator f may depend on U for
example like in

∫
R g

α(Us,x)(x ∧ 1)ν(dx) where gα(z) = eαz−αz−1
α for some α > 0.

Given ξ a.s. bounded and ξ ∈ D1,2, we investigate conditions on the generator f such that
the BSDE is Malliavin di�erentiable. Here we use the approach via the Kusuoka-Stroock
Sobolev class and the concept of ray absolute continuity and stochastic Gateâux di�erentia-
bility. The Malliavin derivative of Y provides an explicit representation of Z and U which
can be used to prove boundedness of solutions.
This is based on joint work with A. Steinicke.
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Stefan Geiss1, Florian Baumgartner2

1University of Jyväskylä, Department of Mathematics and Statistics, Jyväskylä
2University of Innsbruck, Department of Mathematics, Innsbruck

02.03.2016
S1 | 11:00
NA 02/99Permutation Invariant Functionals of Lévy Processes and applications

Itô's chaos expansion [2] describes L2-random variables, de�ned on an abstract Wiener-
Lévy space, uniquely by deterministic chaos kernels. The description of randomness by
deterministic kernels has its price: the chaos kernels might have a complicated structure
so that they cannot be used in certain applications. Itô itself used the chaos expansion to
study the structure of translation invariant functionals on the time interval R.
In [1] we continue this investigation by studying natural invariance properties of functionals
under permutations de�ned on Lévy processes X = (Xt)t∈[0,1] on the �nite time interval
[0, 1] in contrast to under translations on the in�nite time interval R (as used by Itô).
We show that our permutation properties, that appear naturally in various applications,
can be described by a simpli�ed structure of the deterministic chaos kernels in Itô's
chaos expansion. These structural properties of the kernels relate intrinsically to a
measurability with respect to invariant σ-algebras. This makes it possible to apply
deterministic functions to invariant functionals on Lévy processes while keeping the
simpli�ed structure of the kernels. This stability is crucial for applications. In particular,
the invariance properties yield to the notion of a locally ergodic subset of the time domain
[0, 1], the Lévy process X is de�ned on. One of the main results is that the chaos
kernels can be chosen to be constant on locally ergodic subsets. Applications are given
for backward stochastic di�erential equations (BSDEs) driven by Lévy processes and for
the chaos expansion of Nualart and Schoutens based on the normalized Teugels martingales.

References:
[1] F. Baumgartner and S. Geiss: Permutation Invariant Functionals of Lévy Processes.
arXiv:1407.3645. In revision for Trans. AMS.
[2] K. Itô: Spectral type of the shift transformation of di�erential processes with
stationary increments. Trans. AMS, 81(2), 253�263, 1956.
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Wilfried Grecksch1

1Martin-Luther-University Halle-Wittenberg, Mathematics, Halle (Saale)
04.03.2016
S1 | 09:30

HZO40A Stochastic Nonlinear Complex Equation of Ginzberg-Landau Type

We introduce for a complex valued process (X(t, x))t∈[0,T ], x∈G the following Itô equation
in the sense of generalized weak solutions

dX(t, x) = (a1 + ia2)∆xX(t, x) +

+(b1 + ib2)f(X(t, x), X(t, x))X(t, x)dt+

+g(t,X(t, x))dW (t), X(0, x) = X0(x). (1)

The Laplacian operator ∆x is de�ned in a bounded domain G ⊂ Rm with homogeneous
Neumann boundary conditions and W denotes a cylindrical Wiener process. a1, a2, b1, b2
are real numbers.
Concrete examples are discussed and the existence and uniqueness of a generalized weak
solution are proved. The solution process of (1) is approximated by solutions of linear
problems.

André Herzwurm1, James M. Calvin2, Mario Hefter1

1TU Kaiserslautern, Kaiserslautern
2New Jersey Institute of Technology, Newark

03.03.2016
S1 | 10:30

HZO40Adaptive Approximation of the Minimum of Brownian Motion

We study the error in approximating the minimum of a Brownian motion on the unit in-
terval based on �nitely many point evaluations. We construct an algorithm that adaptively
chooses the points at which to evaluate the Brownian path. In contrast to the 1/2 conver-
gence rate of optimal nonadaptive algorithms, the proposed adaptive algorithm converges
at an arbitrarily high polynomial rate. The problem of approximating the minimum of a
stochastic process naturally arises in the context of numerics for re�ected stochastic di�er-
ential equations. In particular, the proposed algorithm can be applied to an instance of a
Cox-Ingersoll-Ross process where the boundary point zero is accessible.
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Stefan Häfner1, Denis Belomestny1, Mikhail Urusov1, Tigran Nagapetyan1

1University of Duisburg-Essen, Essen
03.03.2016
S1 | 16:30

HZO40Higher order variance reduction for discretised di�usions via regression

A novel approach towards variance reduction for discretised di�usion processes is presented.
The proposed approach involves specially constructed control variates and allows for a
signi�cant reduction in the variance for the terminal functionals. In this way the complexity
order of the plain Monte Carlo algorithm (ε−3 in the case of a �rst order scheme and ε−2.5 in
the case of a second order scheme) can be reduced down to ε−2+δ for any deltain[0, 0.25)
with ε being the precision to be achieved. These theoretical results are illustrated by several
numerical examples.

Mario Hefter1, Andre Herzwurm1

1TU Kaiserslautern, Kaiserslautern
03.03.2016
S1 | 11:00

HZO40Optimal Strong Approximation of the One-dimensional Squared Bessel Process

In recent years, strong approximation of Cox-Ingersoll-Ross (CIR) processes has intensively
been studied for Euler-type methods based on equidistant grids. We consider a particu-
lar instance of a CIR process, the one-dimensional squared Bessel process, given by the
stochastic di�erential equation (SDE)

dXt = 1 dt+ 2
√
Xt dWt, X0 = x0, t ∈ [0, 1].

We study strong (pathwise) approximation of the solution X at the �nal time point t = 1
and consider numerical methods that have access to values of the driving Brownian motion
W at a �nite number of time points. We show that the polynomial convergence rate of
the best algorithm using an equidistant grid is 1/2. Moreover, we construct an adaptive
algorithm that converges at an arbitrarily high polynomial rate. This is the �rst result on
SDEs where adaption results in an improved convergence rate. As a by-product, we obtain
that the parameters appearing in the CIR process a�ect the convergence rate of optimal
strong approximation.
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Paul Krühner1

1Vienna University of Technology, FAM, Vienna
01.03.2016
S1 | 11:30

HZO40Regularity of Ito random variables

In this talk we investigate the regularity of the density of the random variable Xt, t > 0,
which is given by the stochastic di�erential equation (SDE)

Xt = X0 +

∫ t

0
b(Xs)ds+

∫ t

0
σ(Xs)dWs, t ≥ 0

where b is merely bounded and measurable, σ is assumed to be bounded, elliptic and
Lipschitz-continuous and the second integral is the usual Itô-integral with respect to a
standard Brownian motion W . Many authors have used Malliavin calculus to derive results
on the regularity of its density while only a few have used di�erent approaches like, Fourier-
type approaches or Besov space convolution-type approaches.
We �nd the optimal smoothness result in dimension 1 via a Fourier-type approach and we
do �nd sharp upper and lower bounds for its density with a worst-case type approach. The
bounds are explicit in dimension 1 and implicit in higher dimensions. Our results also apply
for certain pathwise SDEs and to marginals of systems of equations and we illustrate the
optimality of our �ndings with an explicit example.

Thomas Kruse1, Mikhail Urusov1, Stefan Ankirchner2

1University of Duisburg-Essen, Essen
2University of Jena, Jena

02.03.2016
S1 | 16:30

HZO40Numerical approximation of irregular SDEs via Skorokhod embeddings

We provide a new algorithm for approximating the law of a one-dimensional di�usion M
solving a stochastic di�erential equation with possibly irregular coe�cients. The algorithm is
based on the construction of Markov chains whose laws can be embedded into the di�usion
M with a sequence of stopping times. The algorithm does not require any regularity or
growth assumption; in particular it applies to SDEs with coe�cients that are nowhere
continuous and that grow superlinearly. We show that if the di�usion coe�cient is bounded
and bounded away from 0, then our algorithm has a weak convergence rate of order 1/4.
We illustrate the algorithm's performance with several examples.
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Matti Leimbach1, Michael Scheutzow1

1TU Berlin, Berlin
03.03.2016
S1 | 16:30

HZO50Noise-induced stabilzation of explosive ODEs

It is known that certain explosive ODEs can be turned into non-explosive SDEs by additive
white noise. This phenomenon is called noise-induced stabilization if in addition the cor-
responding Markov process admits an invariant probability measure. We investigate if also
the existence of a random attractor can be established. We present two examples which
exhibit noise-induced stabilization. For the �rst one we show explosion of the stochastic
�ow in �nite time and for the other we establish the existence of a weak global set attractor.

Gunther Leobacher1, Michaela Szölgyenyi2

1Johannes Kepler University Linz, Linz
2Vienna University of Economics and Business, Vienna

02.03.2016
S1 | 18:00

HZO40A numerical method for SDEs with discontinuous drift along a hypersurface

In this talk we present a numerical method for solving stochastic di�erential equations
(SDEs) that are discontinuous along a smooth hypersurface and the di�usion coe�cient of
which is possibly degenerate. Furthermore, we prove an existence and uniqueness result for
this class of SDEs. The numerical method as well as the existence and uniqueness result
are based on a transformation of the state space extending an idea from Zvonkin (1974).
We prove converge with strong order 1/2 of our numerical method and apply it to an SDE
the drift of which is discontinuous on the unit circle in R2.

Tijana Levajkovic1

1University of Innsbruck, Department of Mathematics, Innsbruck
02.03.2016
S1 | 11:30
NA 02/99Stochastic evolution equations with noise

In this talk we study parabolic stochastic partial di�erential equations (SPDEs) in the in�-
nite dimensional space framework of white noise analysis. Particularly, we study stochastic
Cauchy problems of the form

∂

∂t
U(t, x, ω) = AU(t, x, ω) +B♢U(t, x, ω) + F (t, x, ω)

U(0, x, ω) = U0(x, ω) ,

where t ∈ (0, T ], ω ∈ Ω and u(t, ·, ω) belongs to some Banach space X. The opera-
tor A is a linear closed operator generating a strongly continuous semigroup and B is a
linear bounded operator which combined with the Wick product ♢ introduces convolution-
type perturbations into the equations. By applying the method of Wiener-Itô
chaos expansions we reduce the SPDE to an in�nite triangular system of deter-
ministic PDEs, which can be solved by induction. Summing up all coe�cients of
the expansion and proving convergence in an appropriate weight space of stochastic
processes, one obtains the solution of the initial SPDE.
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HZO50Parabolic Equations with Multiplicative Dirichlet Boundary Noise

In this talk we consider second order parabolic partial di�erential equations with multiplica-
tive Dirichlet boundary noise. Following Schnaubelt and Veraar on the Neumann case, we
reformulate the boundary noise term as a perturbation of a stochastic evolution equation
with values in extrapolation spaces. We establish existence and uniqueness of mild and weak
solutions in suitable weighted function spaces. Contrary to the case of additive Dirichlet
boundary noise, in the multiplicative case solutions had not been obtained before.
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02.03.2016
S1 | 12:00
NA 02/99Malliavin calculus for stochastic PDEs with Lévy noise

In this talk a Hilbert space-valued Malliavin calculus for Poisson random measures is
presented. It does not rely on chaos expansions and allows for a simple treatment of the
Malliavin operators. Moreover, it can be used to analyze the weak error of numerical
approximations of semilinear stochastic PDEs of evolutionary type driven by (cylindrical)
Lévy processes. The approach is built on basic results from the theory of point processes
such as Mecke's formula, often used in stochastic geometry but less common in stochastic
analysis. We give intrinsic de�nitions of the Malliavin operators in a general Hilbert space
setting and establish, e.g., a duality formula and a commutator relationship as crucial results.
In particular, we develop a framework which is well-suited to treat semilinear stochastic
PDEs of evolutionary type. As an application, the weak rate of convergence of numerical
approximations of semilinear stochastic reaction-di�usion equations with additive Lévy noise
is determined.
This is joint work with Adam Andersson (TU Berlin).
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HZO50Stefan-type stochastic moving boundary problems

Moving boundary problems allow for modeling of multi-phase systems with separating
boundaries evolving in time. While the deterministic problems are, in general, well under-
stood, introducing additional stochastic terms to the equations makes the analysis more
complicated. Motivated from applications to limit order book modeling we study a class of
stochastic second-order PDEs with non-linear Stefan-type boundary interaction. By change
of coordinates, the problem can be transformed into a stochastic evolution equation, where
the boundary interaction introduces additional drift and noise terms. Combining results
from interpolation theory and stochastic analysis in in�nite dimensions, we use regularity
properties of the linear term in the equation to establish local existence and uniqueness
results. This provides a framework for analysis of the this class of semilinear stochastic
moving boundary problems.
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HZO40Rough di�erential equations on Besov spaces

One initial motivation of rough path theory was to obtain the continuity of the solution map
of a di�erential equation. We consider (rough) di�erential equations driven by signals with
path regularity in general Besov spaces and show the continuity of the corresponding solution
maps. To this end the paracontrolled distribution approach, which has been introduced by
Gubinelli, Imkeller and Perkowski to analyze singular stochastic PDEs, is extended from
H"older to Besov spaces. In particular, we unify the known results about the continuity of
solution maps in H"older and p-variation topology as proven by classical rough path theory.
As an application we solve stochastic di�erential equations driven by random functions in
Besov spaces and Gaussian processes in a pathwise sense.

Tahirivonizaka Rahantamialisoa1, Stefan Tappe1
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01.03.2016
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HZO50A uni�ed approach to spdes driven by random �elds

While stochastic integral with respect to a stochastic process, in particular to a semi-
martingale process, is a well-studied object in stochastic analysis, integration with respect
to random �elds becomes an area of active research. Its application to the study of stochas-
tic partial di�erential equations (SPDEs) is also receiving much of the attention. We develop
a Hilbert space-valued integral process with respect to semimartingale �elds that is useful to
study and characterize stochastic convolutions. We prove existence, uniqueness and Lips-
chitz dependence on the initial datum for mild solutions of more general (semilinear) SPDEs
driven by random �elds. We also discuss the stability and regularity of those solutions. Fi-
nally, we provide some applications in interest modelling based on HeathâJarrowâMorton
(HJM) framework.
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HZO40An Overview of Balancing Related Model Order Reduction for Systems with Lévy
Noise

Objective: SPDEs with Lévy noise can be used to model chemical, physical or biological
phenomena containing uncertainties. In this talk, we consider semi-discretized versions of
these SPDEs which might be of large order. The goal is to save computational time by
replacing large scale systems by systems of low order capturing the main information.
Material and Methods: In particular, we investigate stochastic heat and damped wave
equations which we approximate by a Galerkin scheme. This leads to high dimensional
ordinary SDEs. We reduce this dimension by using balancing related model order reduction
(MOR) techniques which are well-known from the deterministic control theory and can be
extended to stochastic equations as well. The idea of balancing a system is to create a
system where the dominant reachable and observable states are the same. Afterwards, the
di�cult to observe and di�cult to reach states are neglected to obtain a reduced order
model.
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Results and Conclusion: In this talk, we present two types of balanced truncation and
the singular perturbation approximation for stochastic equations with Lévy noise which are
balancing related MOR techniques. We compare these methods, summarize already existing
results and discuss recent achievements.

Sebastian Riedel1, Ismael Bailleul2, Michael Scheutzow1
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2Universite Rennes 1, Rennes
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HZO40Invariant measures for rough di�erential equations

Lyons' rough paths theory allows to solve stochastic di�erential equations of the form

dYt = f0(Yt),dt+

d∑
i=1

fi(Yt), ◦dXi
t(ω), Y0 = ξ ∈ Rm

for general, non-semimartingale driving signals X = (X1, . . . , Xd) (e.g. for a fractional
Brownian motion). We aim to study the long time behaviour of the solution to this equation.
The theory of random dynamical systems is the perfect tool for doing this. We show that
rough di�erential equations naturally induce random dynamical systems, provided the driving
rough path has stationary increments. If the equation satis�es a strong form of stability, we
can show that the solution admits an invariant measure.
This talk is based on joint work with Ismaël Bailleul (Rennes) and Michael Scheutzow
(Berlin).
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HZO50The Enskog Process

The existence of a weak solution to a McKean-Vlasov type stochastic di�erential system
corresponding to the Enskog equation of the kinetic theory of gases is established under
natural conditions. The distribution of any solution to the system at each �xed time is
shown to be unique. The existence of a probability density for the time-marginals of the
velocity is veri�ed in the case where the initial condition is Gaussian, and is shown to be
the density of an invariant measure
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HZO40A general result on existence, uniqueness and robustness of backward stochastic
di�erential equations with jumps

The term robustness in the literature of backward stochastic di�erential equations, here-
inafter BSDE, or BSDEJ in the case a jump part exists, stands for the following property:
given a (suitable) approximation Dn = (Xn, ξn, fn) of the data D = (X, ξ, f) of the BSDE
of interest, the solution of the Dn-BSDE converges to the solution of the D-BSDE. Moti-
vated by the work of Briand, Delyon and Memin for robustness of BSDEs, when X is the
Brownian motion, we want to prove that the same holds when a BSDEJ is driven by a square
integrable, quasi-left- continuous martingale, say X. In the general framework we regard
as data the sextuple D = (X,F, T, ξ, f, C), i.e. we will work with the (general) �ltration
F, the F- stopping time T , the Lebesgue-Stieltjes integrator C and we are interested in the
D-BSDEJ of the form

Yt = ξ +

∫ T

t
fs(Ys, Zs, Us) dCs

−
∫ T

t
Zs dXc

s −
∫ T

t

∫
Rn

Us(x) µ̃
X(ds,dx)−

∫ T

t
dNs,

where the solution is the quarduple (Y, Z, U,N).
Apart from the robustness property, two other results of independent interest are obtained.
The �rst one is a result on existence and uniqueness of solutions of BSDEJ driven by a
square integrable martingale, which is not necessarily quasi-left continuous. This generalises
the result given by El Karoui and Huang, which covers the quasi-left continuous case and,
moreover, it enables us to treat under a uni�ed framework both continuous and dicrete time
BSDEJ. The second one is the robustness of martingale representations under di�erent
�ltrations, a result which generalises the one given by Jacod, Méléard and Protter.
The robustness property allows us to derive the Euler scheme for the D-BSDEJ. In the
case of a Lévy martingale X, the robustness for discrete time approximations is given by
Madan, Pistorius and Stadje a result which can be seen as a special case of our general
framework.

References:
[1] P. Briand, B. Delyon, J. Memin, On the robustness of backward stochastic di�erential
equations, Stochastic Processes and Applications 97 (2002) 229-253
[2] ) N. El Karoui, S-J Huang, A general result of existence and uniqueness of backward
stochastic di�erential equations, Backward stochastic di�erential equations (Paris, 1995-
1996), 27-36, Pitman Res. Notes Math. Ser., 364, Longman, Harlow, 1997
[3] J. Jacod, S. Méléard, P. Protter, Explicit form and robustness of martingale
representations,The Annals of Probability, 2000, Vol. 28, No. 4, 1747-1780
[4] D. Madan, M. Pistorius, M. Stadje, Convergence of BS∆Es driven by random walks
to BSDEs: the case of (in)�nite activity jumps with general driver, preprint arXiv:1406.7145
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HZO50Asymptotic expansions for SDE's with small multiplicative noise.

Asymptotic expansions are derived as power series in a small coe�cient entering a nonlinear
multiplicative noise and a deterministic driving term in a nonlinear evolution equation.
Detailed estimates on remainders are provided.
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NA 02/99On an extended chain rule for the Malliavin derivative

Consider the setting of a Brownian motion W de�ned on the Wiener space of continuous
functions on [0, T ]. We investigate properties and applications of an extended chain rule
for the Malliavin derivative. In particular, we discuss the following question which arises,
for example, in the study of (backward) stochastic di�erential equations: Let

F : Ω× Rd → R

be jointly measurable, for any y ∈ Rd we assume F (·, y) to be a random element of the
Malliavin Sobolev space D1,2, and for all ω ∈ Ω let F (ω, ·) ∈ C1(Rd). If G1, ..., Gd ∈ D1,2,
under which assumption do we get

F (·, G1, ..., Gd) ∈ D1,2?

Furthermore, is there a chain rule to express the Malliavin derivative of F (·, G1, ..., Gd)?
By using a characterization of Malliavin di�erentiable random variables by Sugita, this was
known for functions F satisfying a locally Lipschitz condition.
In the current work, we present a larger class of functions F of the above type, where the
locally Lipschitz condition is dropped. The result is then applied to backward stochastic
di�erential equations driven by a Lévy process, to show Malliavin di�erentiability of the
equation.

Michaela Szölgyenyi1, Gunther Leobacher2
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HZO40Numerics for controlled processes

When solving stochastic optimization problems, the optimal control policy often turns out
to be of threshold type, meaning that the qualitative behaviour of the control is di�erent
depending on the position of the controlled process.
Thereby SDEs appear that have a discontinuous drift.
We prove existence and uniqueness of the underlying controlled process and present a numer-
ical method for approximating the solution to such one-dimensional SDEs that convergences
with strong order 1/2.
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HZO40Stochastic integration with respect to volatility modulated Lévy driven Volterra
processes

We present the recent results in the of stochastic integration with respect to volatility mod-
ulated Lévy-driven Volterra processes. A short survey of various approaches to integration
with respect to Volterra processes without volatility modulation will be followed by an in-
depth treatment of the heuristic approach to integration with respect to Volterra processes
with amplitude and intensity modulation of volatility. Our main focus is on the processes
driven by the Brownian motion, however all the results have Lévy driven counterparts that
will be brie�y mentioned.
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HZO50Invariance of closed convex cones for stochastic partial di�erential equations

The goal of this talk is to investigate when a closed convex cone in a Hilbert space is
invariant for a semilinear stochastic partial di�erential equation (SPDE) driven by Wiener
processes and Poisson random measures. Our main methods are an analysis of the short
time behaviour of the solution processes and a veri�cation of the stochastic semigroup
version of Nagumo's condition. In order to achieve the largest generality regarding the
volatilities of the SPDE, we will establish an approximation result for smooth functions in
Hilbert spaces. As our main result, we will provide necessary and su�cient conditions for
the stated invariance problem in terms of the parameters of the SPDE. Furthermore, we
will present several examples accompanying our result; in particular, we will investigate the
positivity of interest rate curves arising in the HJM model from mathematical �nance.

21



Andreas Thalhammer1, Markus Ableidinger1, Evelyn Buckwar1

1Johannes Kepler University Linz, Institute for Stochastics, Linz
03.03.2016
S1 | 17:00

HZO40An importance sampling technique in Monte Carlo methods for SDEs with a.s.
stable and p-th moment unstable equilibrium

In this work we investigate the in�uence of almost sure and p-th moment stability for
(linear) SDEs on Monte Carlo methods for estimating the p-th moment of the solution
process. In the situation where the zero solution of the SDE is asymptotically stable in the
almost sure sense but unstable in p-th moment sense, the latter is determined by rarely
occurring trajectories that are su�ciently far away from the origin. The standard Monte
Carlo approach for estimating higher moments essentially computes a �nite number of tra-
jectories and is bound to miss those rare events. It thus fails to reproduce the correct p-th
moment dynamics (under reasonable cost). A straightforward application of variance reduc-
tion techniques will typically not resolve the situation unless these methods force the rare,
exploding trajectories to happen more frequently. Here, we propose a combined approach:
we �rst employ an appropriately tuned importance sampling technique to deal with the
rare event simulations and afterwards apply further variance reduction techniques, such as
multilevel Monte Carlo, to control the variance of the modi�ed Monte Carlo estimator. As
an illustrative example we discuss the numerical treatment of the stochastic heat equation
and present simulation results.

Jonas Tölle1, Benjamin Gess2
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HZO40Ergodicity an local limits for stochastic local and nonlocal p-Laplace equations

Ergodicity of transition semigroups associated to local and nonlocal nonlinear stochastic
p-Laplace equations is proven, without restriction on the spatial dimension and for all
p ∈ [1, 2]. This generalizes previous results from [4, 7, 8]. In particular, the results include
the multivalued case of the stochastic nonlocal and local total variation �ows, cf. [2]
as well as stochastic perturbations of the nonlocal p-Laplace �ows studied in [1]. The
uniqueness invariant measures is proved by application of a result from [6], which enables
us to dispense with the assumption of compactly embedded subspaces. In order to apply
the result, we prove the concentration of mass of the solutions around zero with the help of
a cascade of energy estimates. Under appropriate rescaling, the convergence of the unique
invariant measure for the nonlocal stochastic p-Laplace equation to the unique invariant
measure of the local stochastic p-Laplace equation is proven, generalizing a result of [3] to
all spatial dimensions.
The talk is based on the work [5].
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HZO40Approximating exit times for irregular SDEs

We consider the problem of approximating the laws of di�usion exit (or explosion) times.
Since an exit time is a discontinuous function on the path space, it is usually unclear
whether exit times of the approximations converge to the exit time of the di�usion even
in case of pathwise convergent schemes (such as the Euler-Maruyama one). We present
an algorithm, for which such a convergence holds even when the coe�cients of the driving
SDE are irregular.

23

http://arxiv.org/abs/1507.04545


Ivan Yaroslavtsev1, Mark Veraar1

1TU Delft, Delft
03.03.2016
S1 | 14:00

HZO40Local cylindrical continuous martingales and stochastic partial di�erential
equations.

In this talk we present Burkholder-Davis-Gundy-type inequalities for stochastic integrals
with respect to a local cylindrical continuous martingale in UMD Banach spaces. These
results extend previous results for cylindrical Brownian motions and for one-dimensional
continuous local martingales. In particular we developed a concept of a quadratic variation
of a local cylindrical continuous martingale. Using these inequalities we also derive existence
and uniqueness assertions for solutions of corresponding SPDE's.
The talk is based on joint work with Mark Veraar.
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HZO40On very hard approximation problems for stochastic di�erential equations

In the recent article [Hairer, M., Hutzenthaler, M., Jentzen, A., Loss of regularity for
Kolmogorov equations, Ann. Probab. 2015] it has been shown that there exist stochastic
di�erential equations (SDEs) with in�nitely often di�erentiable and bounded coe�cients
such that the Euler scheme converges to the solution at the �nal time in the strong sense
but with no polynomial error rate and such that the Monte Carlo Euler method for com-
puting the expected value of a component of the solution at the �nal time converges to the
true value but also with no polynomial error rate.
The result of Hairer et al. naturally leads to the question whether these slow convergence
phenomenona can be overcome by using more sophisticated approximation methods than
the simple Euler scheme in the case of the strong approximation problem and the simple
Euler Monte Carlo method in the case of the quadrature problem. In this talk we answer
both questions to the negative. First, we show that there exist SDEs with in�nitely of-
ten di�erentiable and bounded coe�cients such that no approximation method based on
�nitely many observations of the driving Brownian motion converges in absolute mean to
the solution with a polynomial rate. Second, we present classes of SDEs with in�nitely often
di�erentiable and bounded coe�cients such that no algorithm based on �nitely many eval-
uations of the coe�cients and all their derivatives can solves the above quadrature problem
with a polynomial error rate in the worst case sense with respect to the equations.
The talk is based on joint work with Arnulf Jentzen (ETH Zuerich) and Thomas Mueller-
Gronbach (University of Passau).
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HZO40Decoupling BSDEs

BSDEs (Backward Stochastic Di�erential Equations) have many applications in stochas-
tics. The solution of a BSDE consists of two processes (Y,Z), where Y is a continuous
process, and Z is the "derivative" of Y . To see what the solution looks like, one might
construct a simulation scheme. It is important to know the di�erence between the
simulation and the exact solution, i.e. to approximate the simulation error. The basic
idea is, that the simulation error can be estimated by studying the regularity of the exact
solution (see for example [1] in the case when the simulation scheme is the backward Euler
scheme). Of course, to study the regularity of the solution is an important question in
itself.
In [2] we introduce a general decoupling-technique, which can be applied in the Wiener
space. The idea in this context is, that we can change parts of the underlying Brownian
motion by an independent Brownian motion. This decoupling can be applied to all random
objects based on the original Wiener space, and does not change the structure of the
random objects in question. It follows that the Lp-di�erence of a random variable Y and
the decoupled random variable Ỹ can be estimated by the Lp-di�erence of Y and the
conditional expectation of Y . Here the conditional expectation is w.r.t. the σ-algebra
generated by the Brownian motion in the part where it is not changed to the independent
one.
In [2] we apply this to BSDEs, and recover regularity results of the Y -process in terms of
regularity of the data of the BSDE. The reason we get this is, that the di�erence Y − Ỹ
is itself a solution of a BSDE. The decoupling-technique can also be applied to study the
regularity of the Z-process: one can write a quantity describing the regularity of Z in two
parts, where one part can be written as the di�erence of the stochastic integral of Z and
a decoupled version of the stochastic integral. Here the decoupling is applied to di�erent
parts of the Brownian motion than with the Y -process. This time the decoupling is in a
sense "non-adapted", and one does not recover a standard BSDE.

References:
[1] B. Bouchard, R. Elie, and N. Touzi: Discrete-time approximation of BSDEs and
probabilistic schemes for fully nonlinear PDEs. Radon Series Comp. Appl. Math, 8, 1-34,
2009.
[2] S. Geiss and J. Ylinen: Decoupling on the Wiener space and applications to BSDEs.
arXiv:1409.5322v2
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HZO50Parametric estimation of intensity and conditional intensity of spatial point
processes: overview, recent advances and new problems

Spatial point pattern data emerge in an increasing number of various domains: astro-
physics (modeling of galaxies, sunspots), forestry (to understand the canopy), vision (e.g.
by modeling the �xations of the retina on a given image), epidemiology (to model the cases
diseases),... Spatial point processes are the stochastic models generating such data. The
Poisson point process is the reference model generating points without any interaction. To
introduce dependence several classes of models exist. Among them, Cox point processes
allow to introduce (mainly) attractiveness whereas determinantal and Gibbs point processes
allow to introduce repulsiveness. To summarize (or characterize) a spatial point process, the
intensity function (mainly for Cox and determinantal point processes) and the conditional
intensity function or Papangelou conditional intensity (mainly for Gibbs point processes)
are common tools. The last 30 years have seen the development of many di�erent statis-
tical methodologies to estimate a parametric form of the intensity function, e.g. Poisson
likelihood, Palm likelihood, quasilikelihood, variational method, and the conditional inten-
sity function, e.g. pseudolikelihood, Takacs-Fiksel method, logistic regression, variational
approach,... In this talk, I will give a brief overview of these methods by focusing on asymp-
totic properties as well as on computational aspects. Also, I will try to show the similarities
and di�erences between the two, apparently di�erent, problems of estimating the intensity
and conditional intensity functions.
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HZO60Nonparametric estimation of entropy in Poisson marked point processes

Consider a homogeneous marked Poisson point process (MPPP) of intensity λ > 0 whose
marks are valued in a smooth compact Riemannian manifold without boundary of dimension
p ≥ 1. In applications, these marks correspond to any quantity of interest, for instance the
direction of �bers centered at each point of the process which models a �ber-reinforced
plastic. Additionally, we assume that the distribution of the marks has a continuous a
density. We are interested in the detection of inhomogeneities of marks of the MPPP that
is quanti�ed by means of the di�erential (Shannon, Kolmogorov) entropy of the mark's
distribution. In this talk we introduce a non-parametric entropy estimator based on classical
constructions for sequences of random variables and kernel density estimation on Riemannian
manifolds. After proving consistency properties of this estimator, we obtain a central limit
theorem that relies on random sums of m-dependent random �elds in Rd over observation
windows Wn ⊂ Rd growing in the van Hove sense. Finally, we explain how scan statistics
can be applied to obtain the asymptotic distribution of the minimal entropy.
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HZO60Asymptotics for U-statistics of Gibbs facet processes

The contribution from spatial stochastics concerns random facet processes, where facets
are compact subsets of hyperplanes in the Euclidean space of arbitrary dimension. The aim
is to study Gibbs type models with interactions among facets and their asymptotics when
the intensity of the process tends to in�nity. In a compact window we deal with �nite facet
processes given by a density with respect to the Poisson process. The potential is formed by
U-statistics corresponding to the Hausdor� measure of intersections of k-tuples of facets, k is
the order of the submodel. A special case with �nitely many facet orientations corresponding
to unit vectors is investigated in detail. Markov chain Monte Carlo simulations suggest
possible missing of orientations for some values of model parameters. The corresponding
result is proved asymptotically with increasing intensity of the reference Poisson process.
Further for U-statistics of the order smaller than the order of the submodel all asymptotic
moments are evaluated and the central limit theorem proved using the moment method.
The key tools are diagrams and partitions and the correlation function derived from the
Papangelou conditional intensity. In the proof we also make use of a recent result by Last,
Penrose, Schulte and Thaele (Adv. Appl. Probab. 2014), namely the asymptotic normality
of a functional of a Poisson process. The presented model extends the variety of spatial
Gibbs (marked) point processes studied in the literature. A di�erent type of asymptotics
is the one with increasing window, where Schreiber and Yukich (Ann. de l'Inst. Henri
Poincare, 2013) and Xia and Yukich (preprint, 2014) are trying to build a general theory.
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NA 02/99Cells with many facets in a Poisson hyperplane mosaic.

We consider a stationary Poisson hyperplane process η in Rd with directional distribution
φ. The closure of the connected components of Rd \

∪
H∈ηH are polytopes. The mosaic

Xη is the collection of these polytopes, and we call the polytopes the cells of Xη. Almost
surely one cell contains the origin in its interior, we call it the zero cell and denote it by Z0.
We investigate the distribution of the random polytope Z0. In particular we prove (under
a weak assumption on φ) that there exist positive constants c1 and c2 such that for n big
enough we have

(c1n)
−2n/(d−1) < P(Z0 has n facets) < (c2n)

−2n/(d−1).

It extends similar results of Calka and Hilhorst [1] who gave a more precise asymptotic
expansion of the above probability but only in the two dimensional and isotropic case.
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[1] H. J. Hilhorst and P. Calka. J. Stat. Phys., 132(4):627�647, 2008.
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HZO60Central limit theorem for the number of cells induced by randomly dilated
hyperplanes

Given a stationary independently marked Poisson point process (X1, U1, R1), (X2, U2, R2),
. . . on R1 with mark space Sd−1 × [0,∞), we consider the random closed union set
Ξ =

∪
i≥1

(
H(Xi, Ui)⊕B(Ri)

)
, whereH(x, u) is a hyperplane with normal vector u ∈ Sd−1

and distance x from the origin and B(r) is a centered d- dimensional ball with radius r.
This may also be regarded as a special type of a stationary Poisson cylinder process, see [2]
or [3].
The closure of the connected components of Ξc are closed polytopes which will be called
cells, in analogy to random tessellations. Under natural conditions we prove a central limit
theorem for the number of cells which are completely included in a unboundedly expanding
convex window. This result has been proved among others in [1].
References:
[1] C. Bräu (2015), Beiträge zu Verteilungseigenschaften und Asymptotik von stationären
Poisson-Zylinderprozessen, Thesis, University of Augsburg, submitted 13. July 2015.
[2] L. Heinrich and M. Spiess (2013), CLT for the volume of stationary Poisson cylinder
processes in expanding domains, Adv. in Appl. Probab 2, 312-331.
[3] M. Spiess and E. Spodarev (2011), Anisotropic Poisson processes of cylinders,
Methodol. Comput. Appl. Probab. 13, 801-819.
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HZO60On the "Minkowski content"-based estimator of the mean density of lower
dimensional random closed sets

Let Θn be a random closed set in Rd of locally �nite Hn-measure. Whenever the induced
expected measure E[µΘn ](A) := E[Hn(Θn ∩ A)], A ∈ BRd is absolutely continuous with
respect to the measure Hd, its density (i.e. its Radon-Nikodym derivative) with respect to
Hd is called mean density of Θn denoted by λΘn .
The estimation of the mean density of random closed sets in Rd with integer Hausdor�
dimension n < d is a problem of interest from both a theoretical and an applicative point of
view. In literature di�erent kinds of estimators are available, mostly for the homogeneous
case. Recently the non homogeneous case has been faced by the authors, who proposed an
estimator based on the notion of Minkowski content of a set:
given an i.i.d. random sample {Θi

n}i∈N of the random closed set Θn of locally �nite Hn-
measure, the following "Minkowski content�-based estimator of λΘn(x) was proposed in
[1]:

λ̂µ,NΘn
(x) :=

∑N
i=1 1Θi

n∩BrN (x) ̸=∅

Nbd−nr
d−n
N

,

where Br(x) and bn denote the closed ball with centre x and radius r > 0 and the volume
of the unit ball in Rn, respectively. Such "Minkowski content�-based estimator of the mean
density of the involved n-dimensional random closed set reveals its bene�ts in applications
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in the non-stationary cases, and, at the same time, its evaluation requires a low computa-
tional e�ort.
We discuss here its statistical properties; namely, asymptotical unbiasedness and weak con-
sistency are proved under quite general assumptions on Θn. Explicit formulas for the optimal
bandwidth of the estimator rN (depending on the size N of the random sample) are also
provided, together with a series of relevant examples and corresponding numerical experi-
ments to validate the theoretical results.
References:
[1] Villa E.: On the local approximation of mean densities of random closed sets, Bernoulli,
20, 1�27 (2014)
[2] Camerlenghi F., Villa E.: Optimal bandwidth of the "Minkowski content�-based esti-
mator of the mean density of random closed sets: theoretical results and numerical experi-
ments, J. Math. Imaging Vision. 53, 264�287 (2015)
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HZO50Geometrical Properties of Random Spherical Laplace Eigenfunctions

Objective: We investigate the asymptotic distribution of critical values, extrema and
saddles for the random �eld of Gaussian spherical harmonics (Gaussian Laplace eigenvalue),
in the high energy limit. We derive explicit expressions for the density of extreme values
and saddles and, more importantly, we �nd functional forms for their variances; by means
of the above we study the convergence of the empirical distributions of the extrema to
their limiting expressions. Building upon such results we derive also an expression for
the asymptotic variance and a Central Limit Theorem for the Euler characteristic of the
excursion sets of Gaussian Laplace eigenfunctions on the sphere.

Material and methods: Our argument involves perturbation theory and a careful
investigation of the validity of the Kac-Rice formula in nonstandard circumstances, i.e.,
entailing degeneracies of covariance matrices for �rst and second derivatives of the
processes being analyzed. To derive the asymptotic variance and the Central Limit
Theorem for the Euler characteristic of the excursion sets we apply also Morse theory and
an explicit derivation of the Wiener-Itô chaos expansion of the Euler characteristic.

Results and conclusions: Our results on critical points have implications on the
sophistication degree of an appropriate percolation process for modelling nodal domains of
eigenfunctions on generic compact surfaces or billiards. Moreover, building upon previous
results, we are now able to present a full characterisation for the asymptotic behaviour for
the variance of the �rst three Lipschitz-Killing curvatures for the excursion sets of random
spherical eigenfunctions.
This abstract is based on results presented in [C., Marinucci and Wigman, On the
distribution of the critical values of random spherical harmonics, The Journal of Geometric
Analysis, 2015], [C. and Wigman, Fluctuations of the total number of critical points of
random spherical harmonics, preprint 2015] and [C., Marinucci and Wigman, Fluctuations
of the Euler-Poincaré characteristic for random spherical harmonics, preprint 2015]
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HZO50Torus-PCA with Application to RNA Structures

We propose a novel torus-PCA method with important properties that can be generally
applied. Existing methods fall into two classes: tangent space PCA and geodesic PCA.
However, unlike tangent space PCA, our torus-PCA honors the cyclic topology of the data
space whereas, unlike geodesic PCA, our torus-PCA produces a variety of non-winding, non-
dense descriptors. This is achieved by deforming tori into spheres and then using a variant
of the recently developed principle nested spheres (PNS) analysis. We introduce a data-
adaptive pre-clustering technique to optimize the deformation and a post-mode hunting
technique for more �ne-grained clustering if data are well approximated by a circle. We
illustrate our method with two recently studied RNA structure (tori) data sets.
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HZO50High dimensional lattice trees and animal

Lattice trees and lattice animals are combinatorial objects, which have been reintroduced
multiple times to model the spatial properties of vulcanizing rubber, complex polymers and
systems alike. They become a model in statistical physics, as they show critical phenom-
ena, and a playground in computational mathematics. Reason being that the sampling or
enumeration of lattice trees/animals with a given number of edges is exponential hard in
the number of edges.
In su�ciently high dimensions has been proven, by Hara and Slade (1991), that these mod-
els show mean-�eld behavior. This can be loosely translated to the observation that lattice
trees and animals with an increasing number of edges have the same spatial growth and
shape as the trajectory of a simple branching walk with the same number of edges. Such
a behavior can only be expected in dimensions bigger than eight. This has fundamental
reasons that will be explained in the talk.
Twenty years later we pick up his problem, signi�cantly improving the original technique
and quanti�ed what dimensions are su�ciently high. Using an extensive analysis we derive
a number of numerical conditions, that are su�cient to prove mean-�eld behavior. We
numerically verify that these conditions are satis�ed for lattice trees in dimension above 15
and for lattice animal in dimension above 21. In the talk we present and explain this result.
Joint work with Remco van der Hofstad.
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NA 02/99Concentration and moderate deviations for Poisson polytopes

Random polytopes are among the most classical and popular models considered in geomet-
ric probability, and their study has become a rapidly developing branch of mathematics at
the borderline between geometry and probability. One reason for the increasing interest are
the numerous connections and applications of random polytopes in algorithmic geometry,
convex geometric analysis, optimization, random matrix theory, set estimation or multivari-
ate statistics.
We look at the case where the underlying random polytope is given by the convex hull
generated by the restriction to the unit ball of a stationary Poisson point process in the
d-dimensional Euclidean space.
By establishing sharp bounds on cumulants, we are able

1. to derive new concentration inequalities,

2. to bound the relative error in the central limit theorem and

3. to develop moderate deviation principles

for a large class of key geometric characteristics associated with the random polytope. This
include the number of lower-dimensional faces and the intrinsic volumes.
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NA 02/99Large deviations in relay-augmented wireless networks

Objective: We analyze a model of relay-augmented cellular wireless networks. The network
users, who move according to a general mobility model based on a Poisson point process
of continuous trajectories in a bounded domain, try to communicate with a base station
located at the origin. Messages can be sent either directly or indirectly by relaying over a
second user. We investigate frustration events involving an atypically high number of users
experiencing bad quality of service over a certain amount of time.
Material and methods: In our analysis, we use fundamental tools from measure-level
large deviation theory. We explain how the technique of sprinkling can be used to overcome
di�culties associated with the discontinuity of the functionals under consideration.
Results and conclusions: Our large-deviation analysis shows that the probability of the
above-mentioned frustration events decays at an exponential speed in the intensity of the
Poisson point process. This speed is characterized via a constrained entropy minimization
problem. Further, we provide simulation results indicating that solutions to this problem
are potentially non-unique due to symmetry breaking. Finally, two general sources for bad
quality of service can be detected, which we refer to as isolation and screening.
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HZO50Disagreement percolation for point processes

A central problem in the theory of Gibbs point process is whether the in�nite volume
measure of a speci�cation is unique or not. Classic su�cient conditions for uniqueness in
the high- temperature case are cluster expansions and Dobrushin's uniqueness criterion. We
generalize disagreement percolation, another su�cient condition, from the lattice case to
the point process case.
Disagreement percolation, introduced by Maes and van den Berg, compares the competing
in�uence of di�erent boundary conditions for �nite volume speci�cations with a product �eld
and then uses percolation bounds on the product �eld to derive the uniqueness of the Gibbs
measure. Using the same approach together with bounds on the percolation threshold of the
Boolean disc model, we derive lower bounds on the extent of the uniqueness region of the
in�nite volume Gibbs measure. Our key tools are a dependent, recursive and simultaneous
thinning of a Poisson point process to several dominated point processes and a concept of
densities of couplings of simple point processes.
As a case study, consider the hard-sphere model with homogeneous activity on Rd. For
every �nite volume and all boundary conditions, we are able to stochastically dominate two
instances of the hard-sphere model (with arbitrary boundary conditions) at a given activity
simultaneously by a Poisson point process of the same activity. The resulting disagreement
percolation bounds are better than the theoretically best possible lower bounds by cluster
expansion techniques.
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HZO60Local digital algorithms applied to Boolean models

We investigate the estimation of speci�c intrinsic volumes of stationary Boolean models
by local digital algorithms; that is, by weighted sums of n x ... x n con�guration counts.
We show that asymptotically unbiased estimators for the speci�c surface area or integrated
mean curvature do not exist if the dimension is at least two or three, re-spectively. For
3-dimensional stationary, isotropic Boolean models, we derive asymptotically unbiased esti-
mators for the speci�c surface area and integrated mean curvature. For a Boolean model
with balls as grains we even obtain an asymptotically unbiased estimator for the speci�c
Euler characteristic.

32



Stephan Huckemann1, Jonathan C. Mattingly1, Ezra Miller1, James Nolen1

1Universität Göttingen, Göttingen
01.03.2016
S2 | 11:30

HZO50Sticky central limit theorems at isolated planar hyperbolic singularities

We derive the limiting distribution of the barycenter of an i.i.d. sample of n random points
on a planar cone with angular spread larger than 2π. There are three mutually exclusive
possibilities:

(i) (fully sticky case) after a �nite random time the barycenter is almost surely at the
origin;

(ii) (partly sticky case) the limiting distribution comprises a point mass at the origin, an
open sector of a Gaussian, and the projection of a Gaussian to the sectorâs bounding
rays; or

(iii) (nonsticky case) the barycenter stays away from the origin and the renormalized
�uctuations have a fully supported limit distribution � usually Gaussian but not always.

Curiously, a (fully) sticky central limit theorem can hold in the absence of any population
mean at all. We conclude with an alternative, topological de�nition of stickiness that
generalizes readily to measures on general metric spaces.
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NA 02/99On Kendall's problem in spherical space

Stochastic geometry in Euclidean space Rd has been studied extensively and much progress
has been made within the last two decades. In many situations, the Euclidean setting
is particularly convenient and fruitful, since the geometry is reasonably easy to visualize
and Euclidean functionals are thoroughly understood. One of the challenging problems of
stochastic geometry in Euclidean space goes back to David Kendall. It is concerned with
the problem of determining the asymptotic or limit shape (if it exists) of large random
cells in Poisson driven random tessellations. This topic has been successfully explored in
a sequence of contributions (since 2004). Recently, stochastic geometry in spherical space
has come into focus. We suggest a spherical version of Kendall's problem. Apparently,
the statement of the problem has to be modi�ed since "large cells" cannot occur. We
indicate some progress on this problem, which is usually connected to interesting results of
isoperimetric type. For an isotropic Poisson process X0 on the unit sphere Sd, let X be the
associated Poisson process of great subspheres with intensity γs. Let σd denote spherical
Lebesgue measure. Then

EX(·) = γs

∫
Sd

1{x⊥ ∩ Sd ∈ ·}σd(dx)

is the intensity measure of X. Fix e ∈ Sd, and let Ze be the a.s. unique cell of the induced
tessellation which contains e. Then, for instance, we obtain the following theorem.
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Let ε > 0 and a ∈ (0, ωd+1/2). Then there are constants c1 = c1(d, a, ε) and c2 = c2(d, a)
such that

P (∆(Ze) ≥ ε | σd(Z0) ≥ a) ≤ c1 exp
(
−γsc2ε2

)
and

lim
γs→∞

γ−1
s lnP (σd(Ze) ≥ a) = −2ωd+1U1(Ba).

Here ∆(Ze) =�L2-distance of Ze from a spherical cap� and U1(Ba) is the spherical mean
width of a spherical cap of volume a.

References:
[1] D. Hug, M. Reitzner, R. Schneider. The limit shape of the zero cell in a stationary
Poisson hyperplane tessellation. Ann. Probab. 32 (2004), 1140-1167.
[2] D. Hug, R. Schneider. Asymptotic shapes of large cells in random tessellations.
Geom. Funct. Anal. 17 (2007), 156�191.
[3] D. Hug, R. Schneider. Faces in Poisson-Voronoi mosaics. Probab. Theory and Relat.
Fields. 151 (2011), 125-151.
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HZO50Characterization of anisotropic Gaussian random �elds by Minkowski tensors

Anisotropic Gaussian random �elds are important models of anisotropic random or disor-
dered structures that appear in very di�erent physical and biological systems, from com-
posite materials over geospatial data to the trabecular bone structure.
Often physical insight is best achieved by a rigorous characterization of the disordered shape.
Therefore, comprehensive structure characteristics are needed.
We characterize the structure of the anisotropic Gaussian random �elds by determining
shape indices of its level sets, and we address the question which information is contained
in these shape descriptors. To quantify the shape of the level sets, we use the Minkowski
tensors (or tensor valuations) as sensitive quanti�ers of anisotropy. They extend the notion
of volume and surface area to scalar and tensorial morphometric measures [1, 2] and allow
for a robust and comprehensive anisotropy analysis w.r.t. di�erent geometrical properties.
We give explicit expressions for the expectations of the Minkowski tensors of level sets of
Gaussian random �elds and compare them to simulation results. For these simulations,
we de�ne explicit parametric models which can vary from perfectly isotropic to perfectly
anisotropic systems. We also provide explicit integral expressions for the second moment
of the Minkowski functionals. Which additional information is contained in higher rank
Minkowski tensors?
We use an irreducible representation of the Minkowski tensors and �nd that tensors of
higher rank indeed contain additional anisotropy information as compared to the tensor of
rank two. Surprisingly, we can show that the latter is nevertheless su�cient to estimate the
model parameters which are necessary to determine all Minkowski tensors of arbitrary rank
characterizing the interfacial anisotropy. In other words, if the random �eld is known to
be Gaussian, all tensors of arbitrary rank are determined by the second rank tensor. Using
this relation a null hypothesis test for non- Gaussianities in anisotropic random �elds can
be de�ned.
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HZO50Strong law of large numbers for renewal sets constructed from multiparameter
random walks

Let {Xn} be a sequence of non-negative independent identically distributed random vari-
ables and let {Sn} be their partial sums,

Sn = X1 + · · ·+Xn, n > 1,

We de�ne the so called renewal sets by

R(x) = {n : Sn < x}, x > 0,

and study their almost sure evolution with growing x and under an appropriate normaliza-
tion. Namely, if µ is the (positive and �nite) expectation of X1, then R(x)/x almost surely
�approaches� the interval [0, 1/µ] as x→ ∞.

A similar problem is considered for random variables depending on several indices. For
the sake of simplicity, we discuss the two dimensional case below. Let {X(m,n)} be a
family of independent identically distributed random variables and let

S(m,n) =

m∑
k=1

n∑
l=1

X(k, l)

be their rectangular (double) sums depending on two parameters. We present some results
like the strong law of large numbers on the asymptotic behavior of the following random
sets in R2

R(x) = {(m,n) : S(m,n) < x}, x > 0,

and describe the almost sure limits. We further brie�y explain how this problem is related
to the following uniform strong law of large numbers over a family of sets:

the limit lim
z1z2→∞

sup
A∈A

∣∣∣∣S(z ·A)−ES(z ·A)
z1z2

∣∣∣∣ exists.

Here z = (z1, z2), S(B) is a random �eld depending on subsets B ∈ R2, A is a family of
sets (a condition on A is speci�ed in the talk; in the general case, this condition does not
depend on the dimension of the space where the sets A live), and

z ·A = {(y1, y2) : y1 = z1a1, y2 = z2a2 and (a1, a2) ∈ A}.

A particular case of the above uniform strong law of large numbers for sums of independent
identically distributed random variables is discussed by Bass and Pyke (1974).
This is a joint talk with I. Molchanov (Bern, Switzerland), supported by the grant
IZ73Z0_152292 from SCOPES.
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NA 02/99Subgraph and cluster counting in the random connection model

A random geometric graph arises by connecting the points of a point process according
to some random rule. We assume here that the points form a stationary Poisson process
which is independently marked. The random connection model is obtained by connecting
pairs of marked Poisson points according to some random rule which depends on the two
marked points but is otherwise independent for di�erent pairs. In the classical Gilbert
model, for instance, the points are independently marked with random radii and two points
are connected if the balls around them intersect. In this case the connection does not involve
any further randomness. In another special case the connection probability depends on the
distance between the points but not on any further marks. In this talk we discuss some
probabilistic properties of subgraphs and clusters of the random connection model. We give
formulae for the intensity (mean density) of both the subgraphs and the clusters isomorphic
to a given �nite graph. We shall also discuss variance formulae. Then we use the Stein-
Malliavin method to derive optimal Berry-Esseen bounds for the normal approximation of
these random numbers within an observation window in the Wasserstein and the Kolmogorov
distance. Finally we shall discuss possible generalizations of our results.
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HZO60Stochastic modeling of engineering materials for prediction of spatial mechanical
characteristics

Metal matrix composites with ceramic particles show a higher sti�ness than the pure metal
while preserving its light weight. This is also the case for SiC reinforced aluminium alloys,
making them interesting for aero-space or automotive applications. We present a model for
some SiC reinforced aluminum alloy that also takes the grain structure of the aluminum and
copper inclusions into account. The model is based on a combination of a random Laguerre
tessellation, RSA particles and a Boolean model. This combination of models is necessary
to accurately describe the material's microstructure. The model can subsequently be used
to simulate material properties without lengthy experiments, using methods such as �nite
elements. The model's parameters are �tted from FIB-SEM images by methods of image
analysis. We also present results of our ongoing work concerned with the stereological
estimation of the parameters from single (2D) scanning electron microscope images.
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HZO50Swap-invariant random sequences and measures

Objectives: Two integrable random vectors xi and eta in Rd are called zonoid equivalent
if, for each u ∈ Rd, the scalar products ⟨ξ, u⟩ and ⟨η, u⟩ have the same �rst absolute
moments. An integrable random vector is said to be swap-invariant if all random vectors
obtained by permutations of its coordinates are zonoid equivalent. This property is weaker
than exchangeability, i.e. the invariance of the distribution under such permutations. A
sequence of random variables is called swap-invariant if all its �nite subsequences are swap-
invariant. Swap- invariant random sequences were analyzed by Molchanov, Schmutz, and
Stucki (2014), who obtain ergodic theorems and representations of the limit.
Both notions can be extended to random measures: two random measures xi and eta
are zonoid equivalent if the vectors of their values on a �nite number of disjoint sets are
zonoid equivalent. A random measure xi on a measure space (S,S,mu) is called mu-swap-
invariant if, for each two equimeasurable functions f and g on S, ξ ◦ f−1 and ξ ◦ g−1 are
zonoid equivalent random measures on R.
Our work aims at characterizing swap-invariant random measures, establishing connections
to exchangeable ones, and scrutinizing the ergodic theorem in this context.
Material and methods: The main tool is a change of the probability measure. In this way
swap-invariant and exchangeable random measures can be related. From a characterization
of exchangeable random measures by Kallenberg, we obtain the result for swap-invariant
ones.
Results and conclusions: By applying a di�erent change of measure than Molchanov,
Schmutz, and Stucki we obtain a characterization of swap-invariant sequences in terms of
exchangeable sequences provided the ergodic theorem holds in L1 and the limit is di�erent
from zero. If these conditions are not satis�ed, the problem is still open. A measure-
theoretic ergodic theorem is derived for swap-invariant random measures. The proof is
based on our result for swap-invariant sequences. If the state space is Borel, di�use swap-
invariant random measures can be characterized.
The project is joint work with I. Molchanov.
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HZO60Spatial Mixing Properties of Random Tessellations

The de�nitions of mixing properties for spatial point processes and random closed sets
are recalled, as they were introduced by Nguyen/Zessin, Daley/Vere-Jones, Heinrich (and
others). These properties are then considered for stationary (homogeneous) random tessel-
lations. A summary of results is given for three reference models, namely Poisson hyperplane
tessellations (PHT), Poisson-Voronoi tessellations (PVT) and STIT (stable with respect to
iteration) tessellations. Comparing these models, PHT have the weakest mixing properties,
PVT and STIT are β-mixing, and we conjecture that PVT enjoys stronger mixing proper-
ties than STIT. For STIT tessellations, implication for variances of certain parameters are
presented.
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HZO50Generalized relative neighborhood graphs - a powerful tool for investigating the
microstructure in�uence on e�ective properties of advanced functional materials

In this talk, we are going to introduce the concept of stochastic 3D modeling of geometri-
cally complex (disordered) microstructures as a tool for virtual materials testing, including
applications to fuel cells. Using stochastic 3D models, one can generate a large variety of
stochastically simulated microstructures with little computational e�ort. These virtual mi-
crostructures can be used as data basis to elucidate microstructure-property relationships.
In this way, for example, e�ective conductivity can be expressed by microstructural charac-
teristics such as volume fraction, tortuosity (windedness of transport paths) and costrictivity
(bottleneck criterion) of the considered material phase.
In order to model virtual microstructures it is challenging to match connectivity properties
observed in tomography data from real microstructures. For this purpose geometric graphs
turn out to be a powerful tool. In particular, we discuss the role of generalized relative
neighborhood graphs (gRNG) in three di�erent random set models describing virtual mi-
crostructures. In all these models gRNG on random point processes are the backbone of the
3D microstructures to be stochastically simulated. The graphs are used to ensure connec-
tivity in a certain germ-grain model, to control anisotropy e�ects in a network of random
tubes and to model a three phase microstructure, where all three phases are completely
connected.
The properties of the model graphs allow us to predict characteristics of the full-dimensional
random sets, i.e. of the virtual microstructures. Moreover, we present the capability of these
virtual microstructure models to describe tomographic image data of real microstructures
and to contribute to an improvement in understanding the microstructure-property relation-
ships.
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HZO50Enlargement of subgraphs of in�nite graphs by Bernoulli percolation

A transient (resp. recurrent) graph is a connected graph such that simple random walk
on the graph is transient (resp. recurrent). Benjamini, Gurel-Gurevich and Lyons showed
that the trace of simple random walk on a transient graph is a recurrent graph almost
surely. If a connected subgraph of an in�nite connected graph is transient then the in�nite
connected graph is transient. Therefore the trace is somewhat "smaller� than the graph.
Now we consider the following questions : How "far� are a transient graph G and the trace
of simple random walk on G? More generally, how "far� are G and a recurrent subgraph
H of G? How "many� edges of G do we need to add to H in order that the enlarged
graph becomes transient? In this talk we add in�nitely many edges of G to H randomly.
Speci�cally we add open edges of Bernoulli bond percolation on G to H and consider the
probability that the enlarged graph is transient.
We consider questions of this kind for more general properties for graphs than transience.
We state our framework more precisely. Let G be an in�nite connected graph and H be a
subgraph of G. Let Pp be the Bernoulli measure on the space of con�gurations of Bernoulli
bond percolation on G such that each edge of G is open with probability p ∈ (0, 1). Let
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P be a property for subgraphs of G. Assume that G satis�es P and H does not. Let
U(H) be the graph obtained by adding open edges of Bernoulli bond percolation on G to
H. Then we consider the probability that U(H) satis�es P under Pp. Let pc,1(G,H,P)
(resp. pc,2(G,H,P)) be the in�mum of p such that the probability is positive (resp. one).
Our purpose is to compare pc,1(G,H,P) and pc,2(G,H,P) with Hammersley's critical
probability pc(G). For example, if P is being in�nite and H is a graph consisting a vertex
of G, then pc,1(G,H,P) = pc(G) and pc,2(G,H,P) = 1. We will focus on the following
cases that P is being a transient subgraph, having in�nitely many cut points, having no cut
points, being a recurrent subset, and, being connected. pc,1(G,H,P) and pc,2(G,H,P)
depend heavily on choices of (G,H,P).

Christian Rau1

1Shantou University, Department of Mathematics, Shantou
03.03.2016
S2 | 18:00
NA 02/99Some remarks on a Procrustes-based procedure for random tomography

We revisit the Procrustes-based procedure of Panaretos and Konis for the consistent esti-
mation of landmark vectors in cryo-electron microscopy of a three-dimensional particle. Due
to the severe level of ill-posedness of the problem, the basic object of interest is the Gram
matrix containing the inner products of the landmark vectors, with that matrix de�ning the
shape of the particle. A key question is how the Gram matrix constructed in the �rst stage,
which employs relatively "clear" images with all landmarks present, may be updated by
using further images which have one landmark missing. As a replacement for the Frobenius
norm distance measure that Panaretos and Konis used in this step, we propose a nonsym-
metric alternative which, for positive-de�nite matrices, has been used in asymptotic convex
analysis, and is geometrically appealing. It leads to lean and interpretable expressions in the
manifold-valued variables, and facilitates the analysis of stochastic models where inputs are
treated as random.
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NA 02/99Discrete Malliavin-Stein method and random graphs

We present a new approach for proving central limit theorems for discrete random graph
models providing a rate of convergence with respect to the mboxKolmogorov distance. It
is based on a combination of Stein's method and a discrete version of the Malliavin cal-
culus. Using what is called a second order Poincaré inequality we obtain a bound on the
Kolmogorov distance in terms of moments of certain di�erence operators. These di�erence
operators have a clear interpretation when counting subgraphs in a random graph. To il-
lustrate this, we consider the triangle counting statistic in the Erdös-Rényi random graph
with size dependent success probability.
References:
[1] Krokowski, K.; Reichenbachs, A.; Thäle, C.: Discrete Malliavin-Stein method: Berry-
Esseen bounds for random graphs and percolation,The Annals of Probability (2015+)
[1] Krokowski, K.; Reichenbachs, A.; Thäle, C.: Berry-Esseen bounds and multivari-
ate limit theorems for functionals of Rademacher sequences, Annales de l'Institut Henri
Poincaré, Probabilité et Statistique (2014+)
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NA 02/99Moments of volumes of random simplices

A random simplex in a d-dimensional convex body K is the convex hull of d + 1 points
chosen randomly from the body according to the uniform distribution. We denote its volume
by VK . A well- known conjecture in geometric probability, saying that the expected volume
of a random simplex is monotone under inclusion, i.e. for convex bodies K,L satisfying
K ⊆ L we have EVK ≤ EVL, was disproved by Louis Rademacher in 2012. He also showed
that the expected value of the volume of a random simplex and its second moment are
monotone in dimension 2, while monotonicity does not hold for any moment in dimensions
d ≥ 4.
Using Rademacher's idea of proof and giving an additional counterexample in dimension 2,
we extend his results and show that the k-th moment of the volume of a random simplex
lacks monotonicity for k ≥ 3 in dimension 2 and for k ≥ 2 in dimension 3. Similar results
for lower-dimensional simplices are given.
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HZO60Normal approximation of stabilizing functionals in stochastic geometry

In this talk functionals of Poisson or binomial point processes are considered which are
sums of scores of the points of the underlying point process. Moreover, it is assumed
that these scores stabilize in the sense that they are determined by the point itself and
the points in a random neighbourhood given by a so-called radius of stabilization. If the
radius of stabilization decays exponentially fast and some moment assumptions are satis-
�ed, Berry-Esseen bounds for the normal approximation of stabilizing functionals can be
shown. These new bounds lead to presumably optimal rates of convergence and improve
the existing results for the normal approximation of stabilizing functionals. As applications
quantitative central limit theorems for several problems from stochastic geometry such as
random graphs, Poisson-Voronoi approximation and convex hulls of random points in the
unit ball are derived. The general bounds are proven by using the Malliavin-Stein method.
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Section 3: Limit Theorems, Large Deviations, Extremes
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HZO60Gaussian random �elds with local pinning

We give an overview on some recent and on some more classical results concerning a class
of random �elds de�ned on the hypercubic lattice which have slowly decaying correlations.
Examples are the lattice versions of the free �elds, and the so-called membrane models.
A local pinning means that the random �eld is modi�ed in a way to have a preference to
stay close to a deterministic "wall". This typically drastically modi�es the character of the
random �eld.
We will focus on two recent results, the �rst one with T. Chyonobu and T. Funaki on the
behavior in the presence of two possible candidates for the global behavior, and the second
one with A. Cipriani and N. Kurt on the decay of correlations for the membrane model.
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HZO70Quenched invariance principle for the Random Conductance Model in a
degenerate dynamic environment

In this talk we present a quenched invariance principle for the dynamic random conductance
model, that is we consider a continuous time random walk on the integer lattice in an
environment of time-dependent random conductances. We assume that the conductances
are stationary ergodic with respect to space-time shifts and satisfy some moment condition.
One key result in the proof is a maximal inequality for the corrector function, which is
obtained by a Moser iteration.
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HZO60Weak convergence of the empirical copula process with respect to weighted
metrics

The empirical copula process plays a central role in the asymptotic analysis of many sta-
tistical procedures which are based on copulas or ranks. Among other applications, results
regarding its weak convergence can be used to develop asymptotic theory for estimators
of dependence measures or copula densities, they allow to derive tests for stochastic in-
dependence or speci�c copula structures, or they may serve as a fundamental tool for the
analysis of multivariate rank statistics. This talk is concerned with weak convergence of
the empirical copula process (for observations that are allowed to be serially dependent)
with respect to weighted supremum distances. The usefulness of this result is illustrated
by an application to estimation procedures for the Pickands dependence function arising in
multivariate extreme-value theory.
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HZO70Heavy-tra�c approximations of queues with a �nite number of customers.

Transitory queueing models are of great interest for a vast number of applications. However,
these models escape exact solution methods and various approximations have been proposed.
Among these, the di�usion approximation has gained a lot of attention in the past decades.
The so-called ∆(i)/G/1 queue is the canonical model for one class of such systems, in
which only a �nite number of customers can potentially join the queue. This model is well
understood in the i.i.d. and light tails setting. Assuming the ∆(i)/G/1 queue is in heavy-
tra�c (utilization close to 100%) we prove several convergence results for the queue length
process, �rst for the heavy-tailed case (in�nite second moment), and then by assuming that
the arrival times are biased, in the sense that the larger the service time of a customer, the
more likely that customer is to join rapidly.
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HZO60The multivariate sequential empirical process under long-range dependence

Let (Xj)j≥1 be a stationary Rp-valued long-range dependent (LRD) process. In our talk
we study the asymptotic behavior of the sequential empirical process (RN (f, t)) indexed by
a class of functions F . This process is given by

RN (f, t) =

⌊Nt⌋∑
j=1

f(Xj)− Ef(X1), f ∈ F , t ∈ [0, 1].

An example for F is {1(−∞,x](·) : x ∈ Rp}, which was investigated by Dehling and Taqqu
(1989) in the case of one-dimensional LRD observations. For p ≥ 2 there is no reason
to restrict ourselves on indicators of rectangles. Other choices are indicators of balls or
ellipsoids, for example.
The dependency concept we use was proposed by Arcones (1994). We assume that Xj =

(X
(1)
j , . . . , X

(p)
j ) is standard Gaussian distributed and the cross-covariance function r(i,j)

of (Xj)j≥1 satis�es

r(i,j)(k) = EX
(i)
1 X

(j)
1+k = cijk

−DL(k),

where cij are positive constants, 0 < D < 1, and L is slowly varying at in�nity. This
dependency structure implies that we have LRD not only in each component but also
between di�erent components. Due to the fact that Xj is Gaussian we can represent
f(Xj) − Ef(X1) as an in�nite sum of multivariate Hermite polynomials if f ∈ F has
at least a �nite second moment. We show that under some technical conditions on F a
weak uniform reduction principle holds. This means that the weak limit of (RN (f, t)) is
determined by the leading terms of the Hermite expansion. To these technical assumptions
belong a L2-bracketing condition and uniformly boundedness of one higher order moment.
Our main result is the following. If all assumptions are satis�ed so that the reduction
principle holds then we have weak convergence of

(
d−1
N RN (f, t)

)
to a sum of Hermite

processes. These processes have a representation as a multiple Wiener-Itô integral and are
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usually non-Gaussian. The convergence takes place in ℓ∞(F × [0, 1]) and the normalization
factor dN grows faster than

√
N .

References:
[1] H. Dehling and M. S. Taqqu. The empirical process of some long-range dependent
sequences with an application to U -statistics. Ann. Statist., 17, 1767-1783, 1989.

[2] M. A. Arcones. Limit theorems for nonlinear functionals of a stationary Gaussian
sequence of vectors. Ann. Probab., 22, 2242-2274, 1994.
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HZO60Estimation and assessment of anisotropic Brown-Resnick space-time models

Max-stable processes have shown to be appropriate to model extreme events that evolve
in space and time (e.g. hurricanes, extreme precipitation, etc.). They can be viewed as
the natural in�nite-dimensional generalisation of multivariate extreme value distributions.
We focus on the Brown-Resnick space-time process, a prominent max-stable model. We
extend existing spatially isotropic models to more general anisotropic versions and present
inference methods to estimate the model parameters. For regular grid observations we
prove consistency and asymptotic normality of the estimators for �xed and increasing spatial
domain, when the number of observations in time tends to in�nity. We �t Brown-Resnick
space-time models to real data and present and apply some recent diagnostic tools for model
assessment. This is joint work with Claudia Klüppelberg.
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HZO70Conditionally Max-stable Random Fields

Max-stable random �elds play a crucial role in modelling spatial extremal events. It is
well-understood that such max-stable processes can be built from Poisson point processes.
A natural generalization of such processes is to modify the underlying Poisson point process
in such a way that its intensity is no longer �xed, but may depend on some spatial random
e�ects. In this work we pursue this idea by studying conditionally max-stable random
�elds based on Cox processes instead of unconditionally max-stable processes based on
Poisson point processes. Under mild conditions, we show that such processes lie in the
max-domain of attraction of naturally associated max-stable random �elds. We give a
simulation algorithm and propose several estimation procedures for the intensity function
of the underlying Cox process and assess their performance in a simulation study.

43



Christian Döbler1

1University of Luxembourg, Mathematics Research Unit, Luxembourg
03.03.2016
S3 | 17:00
NA 01/99A quantitative version of de Jong's CLT for generalized multilinear forms

We use a suitable version of Stein' s method to derive concrete error bounds in de Jong's
central limit theorem for general homogeneous sums in the Hoe�ding decomposition. This
result roughly says that a standardized functional W = f(X1, . . . , Xn) of independent data
X1, . . . , Xn which is d-homogeneous for some 1 ≤ d ≤ n, i.e. its Hoe�ding decomposition
has the form

W =
∑
|J |=d

WJ ,

converges to a standard normal random variable, whenever the fourth moment converges
to 3 and the maximal in�uence of each of the variables X1, . . . , Xn on the total variance
converges to zero as n → ∞. We also discuss possible extensions to both multivariate
settings and to linear combinations of homogeneous sums of di�erent degrees including
U -statistics.
This is joint work with Giovanni Peccati (Luxembourg).
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HZO60Limit distribution of the least squares estimator of a cusp

We consider the problem of estimating the locations of cusps in a regression model. That
means, we focus on regression functions, which are continuous, but not di�erentiable at a
known number of locations.
For a small order of smoothness at the cusps the least squares estimator for the location
of the cusps shows a non-regular asymptotic. That means, we have not the asymptotic
normality property, but a representation of the limit distribution as maximizer of a fractional
Brownian motion with drift. In order to get con�dence intervals for the least squares
estimator the limit distribution will be simulated.
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HZO60Max-linear models on directed acyclic graphs

We consider a new max-linear graphical model, where all components of the corresponding
random vector can be written as a max-linear function of their parents and independent
noise terms. For the corresponding graph we assume that it is a directed acyclic graph.
We show that our model is max-linear and characterize all max- linear models which give
rise to a max-linear graphical model. This leads to the presentation of the new model
as the solution of a �xed point equation and to a unique minimal directed acyclic graph
representing its dependence structure. We also show that the max-linear structure leads to
a model reduction, which results in a reduced form for the regular conditional distributions
compared to previous representations.
This is joint work with Claudia Klüppelberg.
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HZO70f-Implicit Extreme Value Theory - A Di�erent Approach To Classical Extreme
Value Theory

Broadly speaking, our aim is to develop a theory, which is closely related to classical
extreme value theory (EVT) but which follows a di�erent approach. Henceforth this is said
to be f - implicit EVT. First attempts haven already been done in [SchSt]. Our aim is to
draw on these aspects and to extend them by adopting typical ideas from analogous areas.
Let f : Rd → [0,∞) be continuous and 1-homogeneous with f(x) = 0 ⇔ x = 0. Due
to its meaning in applications f will be referred to as the loss function. Based on our
special purpose it turns out to be essential to equip Rd with a speci�c non-commutative
but associative (inner) binary operation ∨f , called the f -max operation. This operation
together with a distinctive partial order ≤f on Rd provides a structural basis, which in
turn yields in a natural way to many interesting things. However, we focus on the central
concepts of so called f -implicit max-in�nitely divisible (f-imid) distributions and f -implicit
max-stable (f-ims) distributions.
Under mild assumptions on x 7→ P(f(X) ≤ x) for a given random vector X we can show
that X is f -imid. For the moment the general case still remains as an open question that
might be solved using the theory of so called f -max compound Poisson Processes.

References:
[StTaq] Extremal stochastic integrals: a parallel between max-stable processes and
α-stable processes (S.Stoev & M.S. Taqqu), 2005
[Res] Extreme Values, Regular Variation, and Point Processes (S.I. Resnick), Springer
Verlag, �rst edition, 2007
[SchSt] Implicit Extremes and Implicit max-stable Laws (Hans-Peter Sche�er & Stilian
Stoev), 2014, arXiv:1411.4688
[MeSch] Limit Distributions for Sums of Independent Random Vectors (M.M.
Meerschaert & H.-P. Sche�er); John Wiley & Sons Inc., �rst edition, 2001
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NA 01/99Local limit theorem with rates for sums of partial quotients of continued fractions

We consider the continued fraction expansions a1(ω) = [1/ω] and ak(ω) = a1(T
k−1ω)

for k ≥ 2 (with Tω = 1/ω− [1/ω]) of reals ω ∈ (0, 1) drawn according to some probability
measure P with strictly positive, Lipschitz-continuous Lebesgue-density p(·) . The most
prominent examples are the uniform distribution with p(ω) ≡ 1 or the Gauÿ -Kuzmin-Lévy
distribution with p(ω) = 1/(1 + ω) log 2 . In the talk we are mainly interested in the
local asymptotic behaviour of the sum Sn = a1 + · · · + an , that is, in the approximation
of the point probability P(Sn = m) for n ≥ m. It is known for long time that the
df P(Sn/n ≤ An + x) with An = (log n − γ)/ log 2 (γ = Euler-Mascheroni constant)
converges uniformly to a stable df G(x) with characteristic exponent α = 1 and skewness
parameter β = 1, see [1], [2]. Even a uniform rate O(log2 n/n) could be obtained in [1].
In the talk we sketch the proof of the corresponding local limit theorem

sup
m≥n

∣∣∣ P(Sn = m
)
− 1

n
G′( m

n
−An

) ∣∣∣ = O
( log2 n

n2

)
as n −→ ∞ . (2)
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The main obstacle to show (1) consists in getting sharp bounds of the Fourier-transform
fn(t) =

∫ 1
0 exp{itSn(ω)}p(ω)dω for any t ∈ [ε, 2π − ε] , ε > 0. The uniform estimate

|fn(t)| = O
(
exp{−b(ε)

√
n}
)
for some b(ε) > 0 combined with the techniques developed

in [1] leads to (1). Furthermore, we give reasons that the obtained rates in the local as
well as integral limit theorem cannot be improved.
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NA 02/99On the Breiman conjecture

Let Y, Y1, . . . be positive, nondegenerate, i.i.d. G random variables, and independently let
X,X1, . . . be i.i.d. F random variables with �nite expectation. Consider the self- normalized
sum

Tn =

n∑
i=1

XiYi/

n∑
i=1

Yi.

Breiman showed in 1965 that Tn converges in distribution for every X, with at least one
limit law being non-degenerate if and only if Y ∈ D(β), with β ∈ [0, 1). At the end of his
paper Breiman conjectured that the same holds with "every" changed to "some" above.
The conjecture is still open today. Mason and Zinn in 2005 partially veri�ed this conjecture,
showing that it holds whenever E|X|p < ∞ for some p > 2. Here we further extend this
result.
Theorem. Assume that for some X, 1 < α ≤ 2, positive slowly varying function L at
zero and c > 0,

− log(ReϕX(t))

|t|α L(|t|)
→ c, as t→ 0, (∗)

where ϕX stands for the characteristic function of X. Whenever Tn converges to a
non-degenerate law then Y ∈ D(β) for some β ∈ [0, 1). For α ∈ (1, 2) condition (∗)
is equivalent to P{|X| > x} being regularly varying with parameter −α. Also a random
variable X with �nite variance ful�lls with α = 2 and L = 1.

We also investigate the asymptotic distributional behavior of the subsequential limits of
the self-normalized sums Tn. An important role in our study is played by those Y that are
in the centered Feller class. A random variable Y is said to be in the centered Feller class
if there exists a sequence of norming constants an such that if Y1, Y2, . . . are i.i.d. Y then
for every subsequence there exists a further subsequence n′ such that a−1

n′
∑n′

i=1 Yi →W in
distribution, whereW is a non-degenerate random variable. The following theorem connects
properties of Y with the continuity of all of the subsequential limit laws of Tn.
Theorem. All subsequential distributional limits of Tn are continuous for any X, if and
only if Y belongs to the centered Feller-class.
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The talk is based on the following two papers:
[1] P. Kevei and D.M. Mason, On the Breiman conjecture.Proceedings of the AMS. To
appear. [2] P. Kevei and D.M. Mason, The asymptotic distribution of randomly weighted
sums and self-normalized sums. Electron. J. Probab. 17, no. 46, 21 pp, 2012.
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HZO60Spectral Distributions of Products of Random Matrices

The investigation of the asymptotic spectral distributions of random matrices is one of
the main problems in random matrix theory. In the last few years non-Hermitian random
matrices have attracted considerable attention, with products of independent random ma-
trices constituting an important class of interest. I will present several results concerning
the global spectral distributions of products of independent Girko�Ginibre matrices (i.e.
random matrices with independent entries) and their inverses. It will be shown in a general
framework that the limiting distributions are universal, i.e. they do not depend on the distri-
butions of the matrix entries apart from a few moment conditions. After that, the limiting
distributions may be determined in the Gaussian setting, using tools from free probability
theory. As an example, I will discuss certain matrix products giving rise to stable distribu-
tions.
This is based on joint work with F. Götze (Bielefeld) and A. Tikhomirov (Syktyvkar).
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HZO70Weak convergence of partial maxima processes

Objective(s): For a sequence of independent and identically distributed random variables
(Xn) the regular variation condition is equivalent to weak convergence of partial maxima
Mn = max{X1, . . . , Xn}, appropriately scaled. A functional version of this is known to be
true as well, the limit process being an extremal process, and the convergence takes place
in the space D[0, 1] of càdlàg functions endowed with the Skorohod J1 topology. Recently,
in [3] under the properties of weak dependence and joint regular variation the asymptotic
distributional behavior of extremes Mn and processes Mn(t) =

∨⌊nt⌋
i=1 Xi, t ∈ [0, 1], was

investigated. We present the results of [3].
Material and methods: The obtained results rest on point processes convergence results
obtained in [2] and [1], and the used methods are partly based on the work of [1] for partial
sums. In the functional case the continuous mapping theorem and the standard "�nite
dimensional convergence plus tightness" procedure were used.
Results and conclusion(s): First it is shown that weak convergence of partial maxima
Mn holds for a class of weakly dependent sequences under the joint regular variation
condition. Then using this result a corresponding functional version for the processes of
partial maxima Mn(·) was obtained, with the convergence taking place with respect to the
Skorohod M1 topology, which is weaker than the more usual J1 topology. The limiting
process is an extremal process given in terms of regular variation and extremal indices of
the sequence (Xn). It is also shown that theM1 convergence generally can not be replaced
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by the J1 convergence.
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NA 02/99A second order Poincaré inequality for Rademacher functionals

We present a bound on the Kolmogorov distance between the law of general square-
integrable functionals of in�nite Rademacher sequences and the standard normal
distribution solely in terms of the �rst and second order gradient operator from a discrete
Malliavin calculus. Our approach combines a discrete Malliavin-Stein bound on the
error in the normal approximation of such Rademacher functionals with an in�nite-
dimensional Poincaré inequality. The result is what is called a second order Poincaré
inequality. Due to a pathwise representation of the discrete gradient operator such a
bound allows for a striking probabilistic interpretation without resorting to the chaos
representation of the Rademacher functional of interest. This extends the reach of appli-
cations to Rademacher functionals for which the chaos representation is not explicitly given.

References:
[1] K. Krokowski, A. Reichenbachs, C. Thäle: Berry-Esseen bounds and multivariate limit
theorems for functionals of Rademacher sequences, Annales de l'Institut Henri Poincaré,
Probabilités et Statistiques, to appear (2014+)
[2] K. Krokowski, A. Reichenbachs, C. Thäle: Discrete Malliavin-Stein method: Berry-
Esseen bounds for random graphs and percolation, The Annals of Probability, to appear
(2015+)
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NA 02/99The Path Length of Digital Search Trees under the Markov Model

Digital trees, such as tries, PATRICIA tries and digital search trees are tree-like data
structures on words. Typically, a theoretical analysis of theses kind of data structures is
done under a random input assumption. In this talk we assume that the input consists of
n independent and identically distributed words, each word being the sequence of states
visited by a Markov chain on {0, 1}. A digital search tree storing these words then is a
random rooted tree with n vertices and a recursive growth rule determined by the input
model.
The talk is focused on the analysis of the (internal) path length of such a random tree as
the number of vertices (i.e. stored words) tends to in�nity. Based on a stochastic recurrence
for the path length, the �rst order asymptotic of mean and variance and a limit theorem
are derived. The limit theorem is proven by an approach known as the contraction method
which will be sketched in this talk.
Besides its relation to the average search cost and construction cost of the data structure,
the path length of a digital search tree is also closely related to the analysis of the Lempel-
Ziv'78 lossless data compression algorithm.
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NA 01/99On the time-dependent convergence rate of the binomial tree scheme

Let (St)t∈T be the geometric Brownian motion and (Sn
k )

n
k=1 its discrete counterpart arising

from a binomial tree. Consider

V (t, x) := E[f(ST )|St = x] and Un(k/n, x) := E[f(Sn
n)|Sn

k = x].

Using Skorohod embedding, Walsh stated in [1] the exact approximation error of

V (0, x)− Un(0, x)

provided that the function f is piecewise C2 and satis�es certain growth conditions. For
applications, the error

V (k/n, x)− Un(k/n, x) = E[f(ST )|Sk/n = x]− E[f(Sn
n)|Sn

k = x]

is of interest, especially the order in which the error increases with increasing k.
In my talk I will address to what extend one can enlarge the class of functions f where an
exact error for

V (k/n, x)− Un(k/n, x) = E[f(ST )|Sk/n = x]− E[f(Sn
n)|Sn

k = x],

can be computed, taking into consideration also the order of increase in dependence of k.
References:
[1] J.B. Walsh, The rate of convergence of the binomial tree scheme, Finance and
Stochastics, Vol. 7, pp. 337�361, Springer 2003.
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NA 02/99A leader-election procedure using records

We propose and analyze a leader-election procedure based on the records in a sequence of iid
continuous random variables. The procedure starts with an in�nite number of players labeled
by 1, 2, . . . who independently generate a random number from an arbitrary continuous
distribution. Those players holding a record value, that is, a value larger than those of all
preceding players, stay in the game for the next round. Each round is run independently
from the previous ones and in the same manner after relabeling the players still in the game
by 1, 2, . . . while keeping the original order. De�ne

ξ
(n)
i := 1{in round n player with the current number i survives}, (3)

for i, n ∈ N. By the well-known Renyi's theorem the in�nite random vectors (ξ(n)1 , ξ
(n)
2 , . . .),

n ∈ N, are independent distributional copies of (ξ1, ξ2, . . .), where (ξi)i∈N is a sequence of
independent random variables with P{ξi = 1} = 1 − P{ξi = 0} = 1

i for i ∈ N. We are
interested in asymptotics of the following quantities:

• N
(n)
M , the number of players among 1, 2, . . . ,M who survived the �rst n rounds,

formally

N
(0)
M :=M and N

(n)
M := ξ

(n)
1 + . . .+ ξ

(n)

N
(n−1)
M

, M, n ∈ N. (4)

• 1 = S
(n)
1 < S

(n)
2 < S

(n)
3 < . . ., the original numbers of the players who survived the

�rst n rounds, formally

S
(n)
j := inf{i ∈ N : N

(n)
i = j}, j, n ∈ N. (5)

• T (M), the number of rounds until only one player (which is the �rst one) among
1, 2, . . . ,M remains, thus

T (M) := inf{n ∈ N : N
(n)
M = 1}, M ∈ N. (6)

• T0(M), the number of conclusive rounds, i.e. the number of rounds among
1, . . . , T (M) in which at least one of the players 1, . . . ,M is eliminated:

T0(M) :=

T (M)−1∑
j=0

1{N (j)
M ̸= N

(j+1)
M }. (7)

In this talk, which is based on the recent preprint [1], we present various limit theorems for
the aforementioned functionals as well as give a connection to the analysis of the number
of collisions in the Poisson-Dirichlet coalescent, the problem which has been the main
motivation for this work.

References:
[1] Alsmeyer, G., Kabluchko, Z. and Marynych, A.: (2016+). A leader-election procedure
using records, submitted.
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HZO70An optimal Berry-Esseen type theorem for expectations of smooth functions

We present an optimal Berry-Esseen type theorem for approximating expectations of smooth
functions (like 1

6 | · |
3) of a sum of i.i.d. random variables by corresponding expectations

with respect to standard symmetric binomial laws. Comparing the latter expectations to
standard normal ones yields, as a corollary, a partial improvement of a Theorem of Tyurin
(2009). More formally, let us write P̃ and ϱ(P ) for the standardization and the standardized
third absolute moment of a non-Dirac law P on R with �nite third moment. Then we have
(∗) ζ3

(
P̃ ∗n, B̃n, 1

2

)
≤ B(ϱ(P ))

6
√
n

where ζ3 is Zolotarev's metric, on standardized laws with �nite third moments, de�ned by
ζ3(P,Q) := sup {|Pf −Qf | : |f ′′(x)− f ′′(y)| ≤ |x− y| for x, y ∈ R},
Bn, 1

2
is the binomial law with the indicated parameters, and

B(ϱ) := ϱ
√

1
2

√
1 + 8ϱ−2 + 1

2 − 2ϱ−2 < ϱ for ϱ ∈ [1,∞[,

with equality in (∗) whenever P is a two-point law, attained for f(x) := 1
6x

3.

With N denoting the standard normal law, we have εn := ζ3

(
B̃n, 1

2
,N
)
= O( 1n), and

hence, for bounded ϱ(P ) and su�ciently large n, our

ζ3

(
P̃ ∗n,N

)
≤ B(ϱ(P ))

6
√
n

+ εn

improves Tyurin's (optimal for ϱ(P ) → ∞) result ζ3
(
P̃ ∗n,N

)
≤ ϱ(P )

6
√
n
, in particular for

small ϱ(P ) since we have B(ϱ) ∼
√
8/3

√
ϱ− 1 for ϱ ↓ 1.
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NA 02/99Large excursions of recursive sequences generated by random matrices

We study the matrix recursion

Vn =MnVn−1 +Rn, n = 1, 2, . . . ,

where Vn and Rn are d-dimensional random vectors andMn is a d×d random matrix. Early
work related to this recursion dates to the seminal paper of Kesten (1973), motivated by
an application to multi-type branching processes. Other applications arise in �nancial time
series modeling (connected to the study of the GARCH(p,q) processes) and in physics, and
this recursive sequence has also been the focus of extensive work in the recent probability
literature. Our objective is to establish certain extremal estimates describing the path
properties of {Vn}. In particular, we study the �rst passage time of {Vn} into a region
uE ⊂ Rd, showing that this quantity grows roughly like uα for a speci�ed constant α, and
showing that the path behavior during a large exceedance mimics that of a certain Markov
random walk. Applying our techniques in a more classical setting, we also revisit Kesten's
estimate for the decay probability P {V∞ ∈ uE}, u → ∞, providing a re�nement of this
formula and a new characterization for the extremal index.
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HZO70Compactness, large deviations, and the polaron problem

It is well-known that in large deviation estimates, lower bound for open sets and upper
bound for compact sets are essentially local estimates. However, upper bounds for all closed
sets often require the compactness of the ambient space or exponential tightness, which is
often absent in many cases (for example, distributions of occupation measures of d dimen-
sional Brownian motion).
Motivated by problems in statistical mechanics that carry certain shift-invariant structure,
we present a robust theory of `translation-invariant compacti�cation" of orbits of probability
measures in Rd. This enables us to prove a full large deviation principle on this "compacti-
�ed" space. Thanks to the inherent shift-invariance of the underlying problem, we are able
to apply this abstract theory painlessly to prove localization properties of path measures
under Gibbs transformations on interacting Brownian paths.
This is based on joint works with S. R. S. Varadhan (New York), Erwin Bolthausen (Zürich)
and Wolfgang König (Berlin).
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NA 02/99The CLT Analogue for Cyclic Urns

A cyclic urn is an urn model for balls of types 0, . . . ,m − 1 where in each draw the ball
drawn, say of type j, is returned to the urn together with a new ball of type j+1 mod m.
The case m = 2 is the well-known Friedman urn. The composition vector, i.e., the vector
of the numbers of balls of each type after n steps is, after normalization, known to be
asymptotically normal for 2 ≤ m ≤ 6. For m ≥ 7 the normalized composition vector does
not converge. However, there is an almost sure approximation by a periodic random vector.
In this paper the asymptotic �uctuations around this periodic random vector are identi�ed.
We show that these �uctuations are asymptotically normal for all m ≥ 7. However, they
are of maximal dimension m − 1 only when 6 does not divide m. For m being a multiple
of 6 the �uctuations are supported by a two-dimensional subspace.
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HZO60Large deviations for spectral measures and sum rules

We show a large deviation principle for the weighted spectral measure of random matrices
corresponding to a general potential. Unlike for the empirical eigenvalue distribution, the
speed is reduced to n and the rate function contains a contribution of eigenvalues outside
of the limit support. As an application, we show how this large deviation principle yields a
probabilistic proof of the celebrated Killip-Simon sum rule: a remarkable relation between
the entries of a Jacobi-operator and its spectral measure. We also obtain new variants of
such sum rules.
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HZO60Limiting spectral distribution for non-hermitian random matrices with a variance
pro�le

Consider a large n× n random matrix Yn with entries given by

Yij =
σij√
n
Xij

where the Xij 's are independent and identically distributed random variables with four
moments, and the σij 's are deterministic, non-negative quantities and account for a variance
pro�le. Notice that some of the σij 's may be equal to zero. In this talk, we will describe
the limiting spectral distribution of matrix Xn as n→ ∞, that is the limit of the empirical
distribution of Xn's eigenvalues.
We will carefully specify the assumptions on the variance pro�le (σij) under which we can
describe the limiting spectral distribution.
This is a joint work with Nicholas Cook, Walid Hachem and David Renfrew.
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HZO60Exact simulation of max-stable processes

Max-stable processes play an important role as models for spatial extreme events. Occurring
naturally in the context of extremes as limits of maxima of independent copies of stochastic
processes, they have frequently found applications in various areas. Due to the complex
structure of a max-stable process, analytical expressions for its characteristics are often
unavailable, and, thus, need to be assessed by simulation. Its construction as the pointwise
maximum over an in�nite number of random functions, however, makes the simulation of
a max-stable process highly nontrivial. Algorithms based on �nite approximations are often
inexact and computationally ine�cient.
In this talk, we present a new algorithm for exact simulation of a max-stable process at a
�nite number of locations. It relies on the idea of simulating only the extremal functions,
that is, those functions in the construction of a max-stable process that e�ectively contribute
to the pointwise maximum.
We study the complexity of the new algorithm and compare it with existing approaches both
from a theoretical and a practical point of view. Further, we provide closed expressions for its
implementation that cover most popular models for max-stable processes and multivariate
extreme value distributions.
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HZO60Spectral analysis of the Moore-Penrose inverse of a large dimensional sample
covariance matrix

Objectives: In this paper we are interested in the asymptotic properties and the central
limit theorem (CLT) for linear spectral statistic (LSS) of the eigenvalues of the Moore-
Penrose inverse of the centered and non-centered sample covariance matrices.
Materials and methods: We make use of the following assumptions:

(A1) Let Xn be a p × n matrix �lled with independent and identically distributed real
random variables with zero mean, unit variance and �nite moments of order four. By

Yn = Σ
1
2
nXn we denote a p× n observation matrix.

The centered and non-centered sample covariance matrices are de�ned by

S̃n =
1

n
(Yn − ȳ1′)(Yn − ȳ1′)′, Sn =

1

n
YnY

′
n ,

where 1 denotes the n-dimensional vector of ones and ȳ is the sample mean vector. In
derivations we use the usual techniques of the large dimensional random matrix theory.
Results and conclusions: We present a Marchenko-Pastur equation for S+

n (the same for
S̃+
n ).

Limiting spectral distribution. Assuming that (A1) holds, p/n→ c ∈ (1,∞) as n→ ∞
and the empirical spectral distribution (e.s.d.) function FΣn → H. We show that e.s.d.
FS+

n tends weakly a.s. to some P - deterministic distribution function whose Stieltjes
transformation mP satis�es the following equation

mP (z) = −1

z

(
2− c−1 +

+∞∫
−∞

dH(τ)

zτc(zmP (z) + 1)− 1

)
.

CLT for linear spectral statistic. Let λi denotes the ith eigenvalue of S̃+
n and λ∗i is its

limiting proxy, i.e., �nite sample quantile of the limiting measure P . Under assumptions
(A1), p/n → c ∈ (1,∞) as n → ∞ and some regularity conditions we show that for any
analytic test function g holds

p∑
i=1

[g(λi)− g(λ∗i )]
D−→ N (µg, σ

2
g), as n→ ∞

where mean µg and variance σ2g are given by the complex contour integrals which depend
beside g on the limiting Stietjes transform of the matrix 1/nY′

nYn and the moments of
order 4 of the underlying distribution. Moreover, we demonstrate that the asymptotic
distribution of LSS of the Moore-Penrose inverse of S̃n di�ers in the mean from that of Sn.
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HZO70Pathwise LDPs for chemical reaction networks

We consider a Markov jump process model for generalised chemical reaction networks in
a well mixed vessel. Paths of these jump processes are viewed as functions of bounded
variation. On this path space we introduce a new hybrid (strong-weak) topology and
establish the LDP in this setting.
This is joint work with Michiel Renger (Berlin) and Mark Peletier (Eindhoven).
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HZO70Re�ned total variation bounds in the multivariate and compound Poisson
approximation

We consider the approximation of a convolution of possibly di�erent probability measures
by (compound) Poisson distributions and also by related signed measures of higher order.
We present new total variation bounds having a better structure than those from the
literature. A numerical example illustrates the usefulness of the bounds. The proofs use
arguments from [1] and [2] in combination with new smoothness inequalities, which could
be of independent interest. The talk is based on [3].

References:
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Wahrscheinlichkeitstheorie und Verw. Gebiete, 2, 173-179.
[2] Roos, B. (1999). On the rate of multivariate Poisson convergence. J. Multivariate
Anal., 69, 120-134.
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Poisson approximation. Preprint, 18 pages. http://arxiv.org/abs/1509.04167
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NA 02/99Generalized strong law of large numbers for intermediately trimmed sums

By a theorem by Aaronson there is no strong law of large numbers for a stationary sequence
of random variables (Xn) with in�nite expectation. However, for a suitable distribution
function, the sum Sn :=

∑n
k=1Xk is essentially dominated by the contribution of a �nite

number of its largest terms and a solution can be obtained from a lightly trimmed sum, that
is, Sn trimmed by a �nite number of extremes. More formally, we consider a permutation
π ∈ Sn sucht that Xπ(1) ≥ · · · ≥ Xπ(n) and de�ne Sr

n :=
∑n

k=r+1Xπ(k). We say that the
system ful�ls a lightly trimmed strong law, if there exist r ∈ N and a real-valued sequence
(dn) such that limn→∞ Sr

n/dn = 1 almost surely.
There are general conditions on the underlying distribution for a ligtly trimmed strong law
to hold, by Mori for independent processes and by Aaronson for mixing processes.
A generalisation, applicable for general distribution functions of a non-negative random
variable, is to use intermediate trimming, that is the trimmed sum Sbn

n :=
∑n

k=bn+1Xπ(k)
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with bn tending to in�nity and bn = o (n).
To proof that a strong law of large numbers holds for an intermediately trimmed sum we
need a large deviation result and a result concerning the frequency of large events.
As a result we obtain that there is always a trimming sequence (bn) for independent or ϕ-
mixing, non-negative sequences such that a generalized strong law of large numbers holds.
In case that the random variables have regularly varying tails, the trimming sequence can
be stated exactly.
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HZO60The limit distribution of the largest interpoint distance for distributions supported
by a d-dimensional ellipsoid

For some �xed integer d ≥ 2, let Z,Z1, Z2, . . . be a sequence of independent and identically
distributed d-dimensional random vectors, de�ned on a common probability space (Ω,A,P).
Writing | · | for the Euclidean norm on Rd, the convergence in distribution of the suitably
normalized maximum interpoint distance

Mn := max
1≤i<j≤n

|Zi − Zj |

has been a topic of interest for more than 20 years. Results obtained so far mostly cover
the case that the distribution PZ of Z is spherically symmetric, and they may roughly be
classi�ed according to whether PZ has an unbounded or a bounded support. The limit
behaviour of Mn if PZ is uniform in a proper (two-dimensional) ellipse has been an open
problem for many years.
We study the asymptotic behaviour of the maximum interpoint distance of random points
in a d-dimensional ellipsoid with a unique major axis of length 2a1 > 0. Instead of in-
vestigating only a �xed number of n points as n tends to in�nity, we consider the much
more general setting in which the random points are the supports of appropriately de�ned
Poisson processes. We will see that n2/(d+1)

(
2a1 −Mn

)
has a limit distribution (involving

two independent Poisson processes) if PZ has a density that is continuous and bounded
away from 0 at the poles of the ellipsoid. The main result covers the case of uniformly
distributed points.
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HZO70The optimal Berry-Esseen constant in the binomial case

For binomially distributed random variables Bn,p it is shown that we have

sup
t∈R

|FBn,p(t)− Φ( t−np√
np(1−p)

)| ≤
√
10+3

6
√
2π

· p2+(1−p)2√
np(1−p)

(∗)

where cE :=
√
10+3

6
√
2π

= 0.4097... cannot be replaced by a smaller constant. This improves a
recent result of Nagaev/Chebotarev/Zolothukin (2016), who showed (∗) with 0.40995.. =
cE + 0.00022 in place of cE . In particular cE is the optimal constant in the Berry-Esseen
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inequality in the Bernoulli case, that is, for X1, ..., Xn ∼ Berp i.i.d. with variance σ2 and
third absolute centered moment β3, we have

sup
t∈R

|P (X1+...+Xn−nE[X1]
σ
√
n

≤ t)− Φ(t)| ≤ cE · β3√
nσ3 (∗∗)

In the general case it is only known about the optimal constant in the Berry-Eseen inequality
in the iid case cBE that cE ≤ cBE ≤ 0.474... due to Esseen (1956) and Shevtsova (2013)
and that (∗∗) holds asymptotically even in the general case due to Esseen (1956), Chistyakov
(2002).
In the Bernoulli case and with p ∈ [1/3, 2/3], it is further shown that the right hand side
of (∗∗) can be replaced by the smaller (3 + |1− 2p|)/(6σ

√
2πn); here up to now only the

case p = 1/2 was known due to Hipp/Mattner (2008).
If we replace in (∗∗) on the left hand side the cumulative distribution function by intervall
probabilities, it is shown in the case p ∈ [1/6, 5/6] and n ≥ 6 that the inequality holds
if we replace cE by cI := 2/

√
2π. This constant is then optimal, as already clear by

Dinev/Mattner (2013), because cI is asymptotically exact in the symmetric Bernoulli case.
Furthermore some inequalities with regard to the binomial distribution, which are used in
the proofs of the above results, are presented.
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NA 01/99Conditional limit laws for homothetic distributions and their generalizations

In the �rst part of this talk, we investigate the rich class of bivariate distributions which
are characterized by homothetic level lines in view of their asymptotic behavior. We
present corresponding conditional limit statements given that one of the vector components
becomes extreme. For this purpose, we put special emphasize on geometrical analysis of
the assumptions and results.
Then, in the second part, we present further generalizations to non-homothetic distribu-
tions. We propose a novel measure for the deviation from the homothety and present
convenient criteria for validity of limit theorems which possess a geometrical meaning.
As a consequence, some stability of the established conditional limit results is shown, which
is important for statistical applications.
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HZO70On the accuracy of the normal approximation for the binomial random sums

Objectives:

1. Construct moment-type estimates in the global CLT for the standardized binomial
random sums of i.i.d. random variables with �nite third-order moments, in particular,
estimates for Kolomogorov's and Wasserstein's distances. This problem was inves-
tigated earlier by Sunklodas (Lithuanian Mathematical Journal, 2014), who used a
direct method.

2. Solve the following extremal problem: for an arbitrary r.v. X with �nite third-order
moment and a given standardized mean a = EX/

√
EX2 �nd the least possible value

K(a) such that
E|X − a|3 ≤ K(a)E|X|3.

The uniform statement of this problem was considered earlier independently by Nefe-
dova&Shevtsova (2011) and Pinelis (2011), who found the universal factor

K = sup
a
K(a) =

17 + 7
√
7

27
= 1.3155 . . .

It is easy to see that K(a) should tend to 1 as a tends to 0, while the uniform
statement leads to an overestimated bound > 1.3. Thus the more delicate statement
under consideration, with K depending on a, is actual. Moreover, the solution of this
problem is very useful for the comparison of the obtained convergence rate estimates
with those by Sunklodas (2014), as well as for the deducing convergence rate estimates
for Poisson random sums from the constructed bounds for the binomial random sums.

Methods: For the �rst purpose, unlike Sunklodas (2014), we use the representation of a
binomial random sum as a sum of non-random number n (coinciding with the parameter of
the binomial distribution) of modi�ed random summands together with the known conver-
gence rate estimates for such simple objects, and then re-compute the moments of random
summands. For the simpli�cation of the obtained bounds the solution of the extremal
problem described above can be used.

For the solution of the second problem we use an auxiliary inequality that allows to
bound the function |x − a|3 by a linear combination of the polynomial functions 1, x, x2,
|x|3 de�ning the moment-type conditions imposed of the distribution of X. Then take
expectations and choose the coe�cients of the linear combination in an optimal way.
Results and conclusion: The constructed error bounds in the global CLT for the binomial
random sums have an explicit form and turned out to be substantially sharper and the
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method � more simple than those in (Sunklodas, 2014). The solution of the second
problem has the following form:

K(a) =


(
1− 3

2
· α

1/2 − 1

a−2 − 1

)−1
, α =

9− 6a2 − 2a4

18a2(1− a2)
, |t| ≤

√
3/2,

1, |t| >
√
3/2.

with a two-point extremal distribution, again.
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HZO70Conditional independence among max-stable laws

Independence and conditional independence are key concepts in the theory of probability
and statistical inference. In general, neither does independence imply conditional inde-
pendence nor does conditional independence imply independence of the subvectors of a
random vector. However, we show that, if the distribution of a max-stable random vector
has a positive continuous density, then conditional independence of any two subvectors
conditioned on the remaining components implies already their independence. We conclude
that a broad class of commonly used tractable max-stable models cannot exhibit an inter-
esting Markov structure. This result also complements the recent developments in Dombry
and Eyi-Minko (2014), where it is shown that, up to time reversal, only max-autoregressive
processes of order one can appear as discrete time stationary max-stable Markov chains.

References:
[1] C. Dombry and F. Eyi-Minko (2014). Stationary max-stable processes with
the Markov property. Stochastic Process. Appl. 124(6):2266�2279. (Available on
http://arXiv.org/abs/1302.3041.)
[1] I. Papastathopoulos and K. Strokorb (2016). Conditional independence
among max-stable laws. Statist. Probab. Lett. 108:9�15. (Available on
http://arXiv.org/abs/1506.03927.)
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HZO60The large deviations and exact Bahadur e�ciency of the Baringhaus and
Taherizadeh exponentiality test

We study the exact Bahadur e�ciency of the Kolmogorov - Smirnov type exponentiality
test suggested by Baringhaus and Taherizadeh in 2013. The test is based on an empirical
Hankel transform. In order to �nd the e�ciency, the large deviations asymptotics of the
test statistics under the null hypothesis is needed.
Our large deviations study uses new theorems by Tchirina for normalized sums of bounded
functions of gamma-distributed random variables. These results were obtained via the
Plashky - Steinebach theorem. We combine our new theorems with well-known techniques
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for large deviations of sup-type statistics. The asymptotics obtained is then applied to com-
pute the e�ciencies of the test against some model families of alternatives to exponentiality.
We compare the new test to another sup-type test introduced by Baringhaus and Henze in
2000 and based on the mean residual life function. The comparison shows that the new
test performs better than the old one. The numerical results correspond well with those of
the empirical power study.
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NA 02/99Hankel determinants of random moment sequences

For t ∈ [0, 1] let H2⌊nt⌋ = (mi+j)
⌊nt⌋
i,j=0 denote the Hankel matrix of order 2⌊nt⌋ of a ran-

dom vector (m1, . . . ,m2n) on the moment space M2n(T ) of all moments (up to the order
2n) of probability measures on the interval T ⊂ R. We study the asymptotic properties of
the stochastic process {Dn(t)}t∈[0,1] = {log detH2⌊nt⌋}t∈[0,1] as n → ∞ with respect to
weak convergence and large deviations.
Due to the complex geometrical structure of the moment space M2n(T ) and the compli-
cated way in which Dn(t) depends on the ordinary moments m1, . . . ,m2n, it is not feasible
to work with ordinary moments. To circumvent this problem, we use a one-to-one mapping
from the ordinary to canonical moments, which provides a much simpler representation of
the distribution of Dn(t).
If T = [0, 1] and (m1, . . . ,m2n) is uniformly distributed on the moment space M2n([0, 1]),
a rescaled version of the process Dn converges weakly to a continuous Gaussian process in
the strong topology of l∞([0, 1]), where centering has to be performed with the moments
of the arc-sine distribution. Additionally, a rescaled version of Dn can be interpreted as
the distribution function of a random measure. We show that this random measure is ex-
ponentially tight in the weak-⋆-topology and partially satis�es a large deviation principle.
From this, we are able to conclude that for a �xed parameter t the sequence of real-valued
random variables Dn(t) satis�es a large deviation principle with a good rate function.
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HZO60Edge Statistics for Particle Systems with Repulsive Interaction

We will consider a class of interacting particle systems on the real line which generalize
eigenvalue ensembles of Hermitian random matrices by allowing di�erent interactions be-
tween particles. We will provide an extensive description of the distributional properties of
the largest particle, including the (strong) law of large numbers, a �uctuation limit theorem
and �ne asymptotics of the upper tail deviations. In particular, our results describe the tran-
sition between universal behavior in the regime of the Tracy-Widom law and non-universal
behavior for large deviations of the rightmost particle. Moreover, a detailed analysis of the
transition that occurs in the regime of moderate deviations is provided. In addition, we
show that the limiting correlations of particles close to the edge are given in terms of the
Airy kernel. This talk is based on joint work with Thomas Kriecherbauer.
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Section 4: Finance, Insurance, Risk: Modeling
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HZO80Solvency and market consistent valuation in life and pension insurance

The forthcoming Solvency 2 regime is based on the principle of market consistent valuation
for both assets and liabilities. With market consistent valuation, the main idea is that the
value of any liability or asset should be determined from traded prices in âdeep and liquid
marketsâ� if this is possible. One practical challenge with this approach is the considerable
size of the life insurance liabilities and their maturities compared to the available assets in
the bond markets. In the last quantitative impact study for Solvency 2 (LTGA) this led to
a study of about 15 di�erent zero coupon term structures, extending the liquid marketsâ
maturities of about 15-20 years to the necessary 100 years for the life insurance business.
We report on some recent Danish experiences on the choice of risk free interest rate curve
for discounting.
Another challenge is related to longevity risk and its calibration in Solvency 2. In Denmark,
life and pension insurance companies use the so-called longevity benchmark, which is cali-
brated and published yearly by the Danish �nancial supervisory authorities. We describe a
possible partial internal model for longevity risk within this framework and determine a new
estimate for the 99.5 %-quantile for logevity risk, which di�ers from the existing stress of
20 %.
Due to the complicated nature of the life insurance contracts, some companies are devel-
oping advanced simulation models, which basically allows for full modeling of all possible
dependencies. Another approach to the valuation of these contracts with integrated policy-
holder options is to use more pragmatic methods, which take into consideration the various
possible management actions of the companies. For example, it may sometimes be pos-
sible to valuate bonus options in with-pro�t contracts residually in a market consistent
manner and hence to avoid a full simulation approach. We show how the traditional semi-
Markov insurance models can be extended with policy-holder behaviour and determine the
expected cash �ows e�ciently via analytical methods. This work involves a modi�cation of
Kolmogorov's di�erential equation.
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NA 3/99Optimal risk and liquidity management with costly re�nancing opportunities and

in a stochastic interest-rate setting

In this talk I will present a liquidity�management model for an insurance �rm that may
control its risk exposure by means of proportional reinsurance. The liquidity�management
decisions of the manager have two components: distribution of dividends and costly equity
issuance. Contingent on whether proportional or �xed costs of reinvestment are considered,
singular stochastic control or stochastic impulse control techniques are used to seek strate-
gies that maximize the �rm's value. As long as we assume that the �rm's liquid reserves
do not earn interest, the sole state variable is the �rm's current level of reserves. Within
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this setting, I will provide analytical speci�cations of the optimal strategies, as well as a
qualitative analysis of the interaction between re�nancing and risk management. Next, I
will present a methodology to estimate the optimal strategies should (stochastic) interest
accrue on retained earnings and where the investment horizon may be �nite. In such a
case, amassing cash reserves may be not only done to hedge the risk of bankruptcy but
it might, in fact, be pro�table from the shareholders' perspective whenever the current
short�rate exceeds their discount rate. The state variables are then the current levels of
cash reserves and of the stochastic short�rate, as well as time. This results in a family of
Hamilton�Jacobi� Bellman variational inequalities whose solutions must be approximated
numerically. To do so, a �nite element approximation and a time�marching scheme are
employed. I �nalize with a discussion on the implementation of the optimal strategies.
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NA 2/99Duality for increasing convex functionals with countably many marginal

constraints

Our main result is a dual representation for increasing convex functionals that are de�ned
on a space of real-valued Borel measurable functions living on a countable product of metric
spaces. Our principal assumption is that the functionals ful�ll convex marginal constraints
satisfying a tightness condition. The proof relies on a nonlinear version of the Daniell-Stone
theorem. In the special case where the marginal constraints are given by expectations or
maxima of expectations, we obtain linear and sublinear versions of Kantorovich's transport
duality and the recently discovered martingale transport duality on products of countably
many metric spaces. From a �nancial point of view our results state a model-independent
hedging duality in case that the marginals of the pricing measures are tight.
Joint work with P. Cheridito, M. Kupper and L. Tangpi.
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HZO70Zero-sum Risk-Sensitive Stochastic Games

In this talk we consider two-person zero-sum risk-sensitive stochastic dynamic games with
Borel state and action spaces and bounded reward. The term risk-sensitive refers to the
fact that instead of the usual risk neutral optimization criterion we consider the so-called
entropic risk measure. The discounted reward case on a �nite and an in�nite time horizon is
considered, as well as the ergodic reward case. Under continuity and compactness conditions
we prove that the value of the game exists and solves the Shapley equation and we show
the existence of optimal (non-stationary) strategies. In the ergodic reward case we work
with a Doeblin condition and show that the value of the game solves the Poisson equation
and we prove the existence of optimal stationary strategies. A simple example highlights
the in�uence of the risk-sensitivity parameter. Our results generalize �ndings in Basu and
Ghosh (2014) and answer an open question posed there.
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HZO70Ruin probabilities in an insurance market with bipartite graph structure

We study a (re)insurance market, where (re)insurance companies share the occuring claims
of di�erent portfolios. A bipartite graph determines the sharing of losses between a number
of agents. We consider this problem in a dynamic setting, where the single risk processes
are given by a classical Cram'er-Lundberg model. Using multivariate regular variation we
obtain asymptotic results for ruin events and discuss in particular the in�uence of the network
structure on such events. Since also the market; e.g., the network structure changes in time
by rearrangements of portfolios, we will investigate the fully dynamic model including claims
processes and network dynamics.
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HZO70Backward Nonlinear Expectation Equations and Recursive Utility under Nonlinear
Expectations

Building on an abstract framework for dynamic nonlinear expectations that comprises g-,
G- and random G-expectations, we develop a theory of backward nonlinear expectation
equations (BNEEs) of the form

Xt = Et
[∫ T

t g(s,X) m(ds) + ξ
]
, t ∈ [0, T ],

which can be thought of as backward stochastic di�erential equations under nonlinear
expectations.

On the theoretical side, we prove existence and uniqueness of solutions of BNEEs, provide
stability results, and establish conditions under which the corresponding discrete-time back-
ward nonlinear expectation aggregations converge to the continuous-time BNEE solution.
On the application side, we axiomatically de�ne recursive utility and stochastic di�erential
utility under nonlinear expectations and show that the recursive utility indices converge to
the stochastic di�erential utility in the continuous-time limit.
The talk is based on joint work with Thomas Seiferling (University of Kaiserslautern) and
Frank Seifried (University of Trier).
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HZO70Systemic risk in inhomogeneous �nancial networks

To investigate systemic risk in the interbank market, we propose a weighted, directed
random network model. The vertices in the network are �nancial institutions and the
weighted edges represent credit exposures from one bank to another. Our model resembles
the strong degree of heterogeneity observed in empirical data. To study the networks
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resilience to local shocks (a small set of defaulted banks) we derive asymptotic results for our
proposed network. Based on some network parameters, these results allow to determine the
fraction of defaulted banks at the end of a contagion process. Our results generalize earlier
work based on the con�guration model to inhomogeneous random graphs with an in�nite
second moment of the degree sequence. A network with in�nite second moment resembles
the fact that banking networks have a high degree of heterogeneity with many small, loosely
connected and a few large, highly connected players. We show that in absence of a �nite
second moment of the degree sequence, as is the case in networks with a strong degree of
heterogeneity, a small number of initially defaulted banks can cause a large proportion of
defaults in the network after a contagion process. We provide several examples of possible
network parametrizations.
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NA 3/99Unrestricted deterministic consumption under an Ornstein-Uhlenbeck process as

a discount rate

We consider an individual or household endowed with an initial capital and an income,
modelled as a linear function of time under stochastic discounting. Namely, we assume that
the short rate evolves as an Ornstein- Uhlenbeck process. The target is to maximise the
value of the expected discounted consumption if the consumption rates are unrestricted.
Like in the case with restricted consumption rates, discussed in [1], we cannot �nd an
explicit expression for the value function due to a complex structure of the �rst hitting
times of an Ornstein- Uhlenbeck process with drift. However, in our case we can determine
the optimal strategy.

References:
[1] Eisenberg, J.: Deterministic income with deterministic and stochastic interest rates.
Preprint, TU Wien.
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HZO90Optimal Liquidation in a Multiplicative Limit Order Book

Objective(s): We describe a multiplicative market model for trading a single risky. A
large investor seeks to liquidate her position in the risky asset while maximizing expected
proceeds. Trading large orders causes an adverse, transient impact on the asset's price. By
resilience of the market, the impact process is mean-reverting whenever no trade occurs.
We investigate key features of our model like absence of arbitrage and stability under small
perturbations of the investor's strategy.
Material and methods: A multiplicative Limit Order Book perspective explains how the
price evolves due to frictions in the market. This gives the proceeds of simple block order
strategies. We show how the proceeds process of more general bounded càdlàg strategies
evolves as the limit when approximating a strategy by continuous bounded variation pro-
cesses, where the limit is in the topologies J1 and M1 of Skorokhod, in probability, and
uniformly on compacts in probability. Optimal liquidation leads to a �nite fuel problem
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with singular control. A dynamical programming approach gives separation of the two-
dimensional state space containing asset position and volume impact into a sell region and
a wait (respectively buy) region, separated by a free boundary. Classical calculus of varia-
tions is used to derive the free boundary.
Results and conclusion(s): We solve the optimal liquidation problem in one- and two-
sided order books with zero spread. Optimal liquidation over an in�nite time horizon takes
place in �nite time. We prove No-Arbitrage and, if negative initial impact is not too large,
absence of transaction-triggered price manipulations. Stability of the proceeds implies that
optimization over di�erent classes of strategies gives the same value.

Maximilian Gaÿ1, Maximilian Mair1, Mirco Mahlstedt1, Kathrin Glau1

1Technische Universität München, Lehrstuhl für Finanzmathematik, Garching
03.03.2016
S4 | 11:30
NA 01/99Chebyshev Interpolation for Parametric Option Pricing

Function approximation with Chebyshev polynomials is a well-established and thoroughly
investigated method within the �eld of numerical analysis. The method enjoys attractive
convergence properties and its implementation is straightforward. We propose to apply
tensorized Chebyshev interpolation to computing Parametric Option Prices (POP). This
allows us to exploit the recurrent nature of the pricing problem in an e�cient, reliable and
general way. For a large variety of option types and a�ne asset models we prove that the
convergence rate of the method is exponential if there is a single varying parameter and
of any arbitrary polynomial order in the multivariate case. Numerical experiments con�rm
these �ndings and show that the method achieves a signi�cant gain in e�ciency.
Gaÿ, M., Glau K., Mahlstedt, M. and Mair, M. (2015). Chebyshev Inteprolation for Para-
metric Option Pricing. working paper, http://arxiv.org/abs/1505.04648.
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NA 01/99Magic Points in Finance and Stochastics: Empirical Interpolation and

Applications

We derive analyticity criteria for explicit error bounds and an exponential rate of
convergence of the magic point empirical interpolation method introduced by Barrault
et al. (2004). Furthermore, we investigate its application to parametric integration.
We �nd that the method is well-suited to Fourier transforms and has a wide range of
applications in such diverse �elds as probability and statistics, signal and image processing,
physics, chemistry and mathematical �nance. We exploit the method for parametric option
pricing tailored to the persistently recurring task of pricing liquid �nancial instruments.
The method supports the acceleration of such essential tasks of mathematical �nance as
model calibration, real-time pricing, and, more generally, risk assessment and parameter
risk estimation. For a large class of combinations of option types, models and free
parameters the approximation converges exponentially in the degrees of freedom and
moreover has explicit error bounds. Numerical experiments con�rm our theoretical
�ndings and show a signi�cant gain in e�ciency, even for examples beyond the scope
of the theoretical results. This is especially promising for further applications of the method.

65

http://arxiv.org/abs/1505.04648


References:
[1] An empirical interpolation method: application to e�cient reduced-basis discretiza-
tion of partial di�erential equations, Barrault, M., Maday, Y., Nguyen, N. C., Patera, A.
T. (2004), Comptes Rendus Mathématique 339 (9), 667 - 672
[2] Parametric Integration by Magic Point Empirical Interpolation, M. Gaÿ and K. Glau
(2015), Preprint on http://arxiv.org/abs/1511.08510

[4] Magic Points in Finance: Empirical Interpolation for Parametric Option Pricing, M.
Gaÿ, K. Glau and M. Mair (2015), Preprint on http://arxiv.org/abs/1511.00884

Miryana Grigorova1, Peter Imkeller1, Elias O�en2, Youssef Ouknine3, Marie-Claire
Quenez4

1Humboldt University-Berlin, Department of Mathematics, Berlin
2University of Botswana, Gaborone

3Université Cadi Ayyad, Département de Mathématiques, Marrakech
4Université Paris-Diderot, Laboratoire de Probabilités et Modèles Aléatoires, Paris

02.03.2016
S4 | 15:00
NA 2/99Re�ected BSDEs when the obstacle is not right-continuous

Backward stochastic di�erential equations (BSDEs) have found number of applications in
�nance, among which pricing and hedging of European options, recursive utilities, dynamic
risk measures.
Re�ected backward stochastic di�erential equations (RBSDEs) can be seen as a variant
of BSDEs in which the (�rst component of the) solution is constrained to remain greater
than or equal to a given process called the obstacle. Compared to the case of (non-
re�ected) BSDEs, there is an additional nondecreasing predictable process which keeps the
(�rst component of the) solution above the obstacle. RBSDEs have been introduced by
El Karoui et al. (1997) in the case of a continuous obstacle and have proved useful, for
instance, in the study of American options. There have been several extensions of this work
to the case of a discontinuous obstacle in all of which an assumption of right-continuity on
the obstacle is made.
We consider a further extension of the theory of RBSDEs to the case where the obstacle
is not necessarily right-continuous. Compared to the right-continuous case, the additional
nondecreasing process, which "pushes" the (�rst component of the) solution to stay above
the obstacle, is no longer right-continuous. We establish existence and uniqueness of the
solution in appropriate Banach spaces. To prove our results we use tools from the general
theory of processes such as Mertens decomposition of strong optional (but not necessarily
right-continuous) supermartingales (generalizing Doob-Meyer decomposition), some tools
from optimal stopping theory, as well as a generalization of Itô's formula due to Gal¢houk
and Lenglart.
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NA 2/99A Variant of Strassen's Theorem with an Application to the Consistency of

Option Prices

We want to check European call option quotes for consistency under the assumption of a
positive bid-ask spread on the underlying. Under the assumption that the bid-ask spread
is bounded by a constant we will state su�cient and necessary conditions on the option
prices, which ensure that they are consistent with an arbitrage free model. Also we will
derive model independent arbitrage strategies for single and multiple maturities in case
these conditions fail. If the bid-ask spread is not bounded by a constant we will show that
it su�ces to check each maturity separately for consistency. The condition we will derive
relies on a extension of a well known result (Strassen's theorem), which asserts that a
stochastic process is increasing in convex order if and only if there is a martingale with the
same marginal distributions. Such processes, or families of measures, are nowadays known
as peacocks. We extend Strassen's theorem in a novel direction, relaxing the requirement
on the martingale. Instead of equal marginal laws, we just require the laws to be within
closed balls, de�ned by some metric on the space of probability measures. In our main
result � which we will use to derive our consistency conditions � the metric is the in�nity
Wasserstein distance, but we also study the stop-loss distance and the L'evy distance. Joint
work with Stefan Gerhold.
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HZO70Equilibrium models with small transaction costs

After the �nancial crisis, it has been proposed in many countries to introduce a �nancial
transaction tax on stocks and derivatives. But how would such a tax a�ect �nancial
markets? Would it have the bene�cial consequences hoped for by its supporters or rather
the detrimental consequences feared by its opponents?

To answer questions of this kind from an economic perspective, one needs to consider gen-
eral equilibrium models, where prices are determined endogenously. Indeed, taxes change
agents' individual decision making, which in turn a�ects the market prices determined by
their interactions. The new market environment then again alters the agents' behaviour,
leading to a notoriously intractable �xed point problem.

In this talk, we present an asymptotic approach to this problem. We show that for small
proportional transaction costs, prices of stocks and bonds need not change at the leading
order. As a consequence, the recent partial equilibrium results on small frictions including
Soner/Touzi 2014 or Kallsen/Muhle-Karbe 2015 can be extended to a general equilibrium
setup.
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HZO80Mass at Zero and Small-Strike Implied Volatility Expansion in the SABR Model

We study the probability mass at the origin in the SABR stochastic volatility model, and
derive several tractable expressions for it, in particular when time becomes small or large.
In the uncorrelated case, saddlepoint expansions allow for (semi) closed-form asymptotic
formulae. As an application�the original motivation for this paper�we derive small-strike
expansions for the implied volatility when the maturity becomes short or large. These
formulae, by de�nition arbitrage free, allow us to quantify the impact of the mass at zero
on currently used implied volatility expansions. In particular we discuss how much those
expansions become erroneous.
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NA 01/99Asian Malliavin Monte Carlo Greeks for general Jump Di�usions

An e�cient way to calculate Greeks via Monte Carlo Simulation is the Malliavin Monte
Carlo method which was �rst introduced by Fournié et al. in 1999 for the Black-Scholes
model. The integration by parts formula of the Malliavin Calculus is used to �nd a stochastic
weight π s.t. the respective Greek G can be represented as

G = E[πΦ(X)]

where X is the underlying price process and Φ the path- or nonpathdepending payo� func-
tion. The Greeks can then be calculated by Monte Carlo simulation which is a e�cient
mathod in particular for discontinuous payo� functions. There were several approaches
to calculate Greeks for certain classes of jump di�usions where the payo� function is not
path-dependent, e.g. Davis et al. 2005. In this talk, I will present a method that allows
to generalize the Malliavin Calculus for Isonormal Gaussian process to jump di�usions with
nonvanishing di�usion part. This is then applied to derive Malliavin Monte Carlo Greeks of
path-dependent options for jump di�usion processes.

68



Oliver Janke1, Qinghua Li1

1Humboldt-Universität zu Berlin, Institut für Mathematik, Berlin
03.03.2016
S4 | 15:00
NA 01/99Dynamic Portfolio Optimization Under a Shortfall Risk Constraint

We solve the utility maximization problem

max
X

E[U(X(T ))]

under the constraint
ρ(X(T )) ≤ 0,

with ρ being a utility-based shortfall risk measure. Our approach develops the convex duality
for utility maximization introduced by Kramkov and Schachermayer (1999). Under mild
assumptions on the utility function and the loss function, we show that the Lagrange function
is a usual utility function whose asymptotic elasticity is less than one. An unconstrained
maximization problem where the utility is the Lagrange function can then be solved via the
duality approach.
Solution to the constrained problem is shown to be the one to the unconstrained problem
with a proper choice of the Lagrange multiplier. We provide an optimal wealth process and
the bi-dual relation between the respective value functions of the constrained problem and
a dual problem.
In the Black-Scholes framework where the price processes of the assets follow geometric
Brownian motions we will consider a complete market where the number of shares equals
the number of uncertainties. In this case, we derive a simpler form of the optimal solution
as in the general case of semimartingale processes for the prices. Moreover, we shall give
an example where the explicit solution for the optimal trading strategy is derived.
To illustrate extensions of our approach to more complicated cases, we solve the optimal
investment and consumption problem with constraint on the utility-based shortfall risk.
Compared to existing works on the same topic, our approach connects the utility function
and the risk measure via a Lagrange multiplier and we show that � under mild assumptions
� the connected function satis�es the assumptions of a utility function. Therefore, we are
again in the convex duality framework and solve the problem therein. Moreover, the results
can be extended to other portfolio optimization problems, which we show for the optimal
consumption problem. The main advantage of our approach is that it can be also used for
other loss functions except from shortfall risk, as long as the connected function is again a
utility function.
Finally, we discuss the problem under incomplete information which is modeled by di�erent
�ltrations.
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NA 2/99Hedging under good-deal bounds and model uncertainty

Objectives: The talk is concerned with robust good-deal valuation and hedging in in-
complete �nancial markets under model uncertainty. The approach does not only prevent
arbitrage opportunities from the market, but also excludes an economically meaningful no-
tion of deals that are "too good�. The resulting good-deal valuation bounds are tighter
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than the classical no-arbitrage bounds; the latter being too costly to be useful in practice.
Building on a suitable notion of hedging, we analyze robustness w.r.t. uncertainty, and pro-
vide examples that facilitate interpretation and are accessible to computations.
Material and methods: Under model uncertainty, robust valuation corresponds to the
worst-case over a family of subjective priors that are equivalent in the case of drift uncer-
tainty and can be mutually singular in the case of volatility uncertainty. Hedging strategies
are obtained as minimizers of suitable a-priori dynamic risk measures that are of no-good-
deal type and allow for optimal risk sharing with the market. We de�ne robustness in relation
to a supermartingale property of hedging errors under generalized scenarios, uniformly over
all uncertain priors. To obtain constructive results, we rely on the classical theory of back-
ward stochastic di�erential equations (BSDEs) for the case of uncertainty about the excess
return of traded assets, and on the theory of second-order BSDEs for the case of volatility
uncertainty.
Results and conclusion: Under drift uncertainty, we show that robust good-deal hedging
strategies w.r.t. uncertainty correspond to global risk-minimizing strategies in the sense of
Föllmer, Schweizer and Sondermann, if uncertainty is su�ciently large. Under volatility
uncertainty, we also contribute an example with closed-form formulas for put options on
non-traded assets. Here a worst-case prior for the robust good-deal bound can be identi�ed
at the maximal volatility level as in the classical results on super-replication under volatility
uncertainty. Moreover the robust good-deal hedging strategy is derived explicitly, and we
emphasize that it cannot be super-replicating if the traded and non-traded assets are not
trivially correlated.
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HZO70Conditional risk measures in a bipartite market structure

In this paper we study the e�ect of network structure between agents and objects on
measures for systemic risk. We model the in�uence of sharing large exogeneous losses
to the �nancial or (re)insuance market by a bipartite graph. Using Pareto-tailed losses
and multivariate regular variation we obtain asymptotic results for systemic conditional risk
measures based on the Value-at-Risk and the Conditional Tail Expectation. These results
allow us to assess the in�uence of an individual institution on the systemic or market risk
and vice versa through a collection of conditional systemic risk measures. For large markets
Poisson approximations of the relevant constants are provided in the example of an insurance
market. The example of an underlying homogeneous random graph is analysed in detail,
and the results are illustrated through simulations.
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HZO80Modeling capital gains taxes in continuous time

In most countries, trading gains have to be taxed. The modeling is complicated by the
rule that gains on assets are taxed when assets are sold and not when gains actually occur.
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This means that an investor can in�uence the timing of her tax payments, i.e., she holds
a timing option. In this talk, it is shown how the tax payment stream can be constructed
beyond trading strategies of �nite variation. This allows us to construct (continuous time)
Constant Proportion Portfolio Insurance (CPPI) strategies in models with capital gains
taxes. CPPI strategies invest a constant multiple of some cushion in a risky asset (or
index). For a multiple bigger than one, this leads to a superlinear participation in upward
price movements while guaranteeing a given part of the invested capital, even if the cushion
gets completely lost.
For an Itô asset price process, we show that the associated tax payment stream is of �nite
variation if the tax-adjusted multiple of the cushion which is invested in the risky asset is
bigger or equal to one and of in�nite variation otherwise.
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HZO80Model Uncertainty, Fréchet Bounds and Applications in Option Pricing

We consider the problem of �nding arbitrage bounds for option prices of multi-asset options
(i.e. options on multiple underlyings) in the case when partial information of the assets'
probability distribution is available. We focus on the case in which the one-dimensional
marginal distribution of each individual asset is known while also partial information on
the dependence structure between the assets is available. This is in the literature often
referred to as dependence uncertainty. The problem has been extensively studied in the
two-asset case for which solutions were given by Tankov (2011) and Bernard et al. (2012).
We generalize these results for options that depend on more than two assets. The solution
is based on an improvement of the classical Fréchet-Hoe�ding bounds that allows for a
representation of partial information of the dependence structure. By an extension of the
results of Müller and Stoyan (2003) on multivariate stochastic dominance we are able to
show that the improved bounds can be interpreted as minimal or maximal distributions with
respect to the lower orthant order. The link between the lower orthant order on the set of
distribution functions and the prices of multi-asset options is established via a multivariate
partial integration formula.
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NA 01/99Derivative Pricing using a Reduced Basis Method for Parameter Functions

For derivative pricing, one needs to calculate the conditional expectation of the discounted
payo� under a risk neutral measure. To this end one can equivalently solve the associated
parabolic partial di�erential equation in di�usion based models.
Solving a parabolic partial di�erential equation for di�erent parameters leads to an
enormous computational e�ort. With the reduced basis method, cf. [1] and references
therein, one obtains a good approximation for the solution of a parameter-dependent
partial di�erential equation by solving a very small linear equation system.
For solving the parabolic partial di�erential equation we use a space-time approach,
generalising [2]. For di�erent payo� functions, we usually have to construct a new reduced
basis for each function. To avoid this e�ort we develop a strategy to handle functions
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as parameters, [3]. The method is applied for fast derivative pricing as well as in the
calibration process.

This is joint work with Robert Stelzer and Karsten Urban.
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HZO70Portfolio Optimization with Recursive Utility under Small Transaction Costs

We investigate the portfolio problem of an investor with Epstein-Zin recursive utility under
proportional transaction costs. We characterize the solution via variational inequalities
and prove existence of classical solutions for small cost parameters. We also provide a
suitable veri�cation theorem. This allows us to derive rigorous asymptotic expansions for
optimal no-trade regions and consumption strategies and to investigate the e�ects of the
investor's relative risk aversion and the elasticity of intertemporal substituion (EIS) ψ on
the optimal strategies. Our main �ndings are: (a) At the leading order, the no- trade
region is the same as with additive expected utility; in particular, it is determined solely by
the relative risk aversion. The no-trade region depends on the investor's EIS only at the
next-to-leading order, and only indirectly thought the frictionless optimal consumption rate.
(b) The investor's optimal consumption depends on his EIS also at the leading order. The
consumption-wealth ratio is higher than in the frictionless case if and only if ψ > 1.
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NA 2/99Pricing Contingent Claims in the Presence of Jump Uncertainty

We study the pricing problem of contingent claims in the presence of uncertainty about the
timing and the size of a jump in the price of the underlying. We characterize the price of
the claim as the minimal solution of a constrained BSDE and derive a pricing PDE in the
special case of a Markovian market model. Finally, we provide extensive numerical results
in a Black-Scholes market under jump uncertainty and calibrate the model to market data.
This is joint research with Christoph Belak (Trier).

72



Alfred Müller1

1Universität Siegen, Mathematik, Siegen
01.03.2016
S4 | 14:30

HZO80Between First and Second-Order Stochastic Dominance

We develop a continuum of stochastic dominance rules, covering preferences from �rst
to second-order stochastic dominance. The motivation for such a continuum is that while
decision makers have preference for "more is better,� they are mostly risk averse but cannot
assert that they would dislike any risk. For example, situations with targets, aspiration
levels, and local convexities in induced utility functions in sequential decision problems may
lead to preferences for some risks. We relate our continuum of stochastic dominance rules
to utility classes, the corresponding integral conditions, and probability transfers, and dis-
cuss the usefulness of these interpretations. Several examples involving, e.g., �nite-crossing
cumulative distribution functions, location-scale families, and induced utility illustrate the
implementation of the framework developed here. Finally, we extend our results to a com-
bined order including convex (risk- taking) stochastic dominance.
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HZO80Modelling Electricity Prices using Processes with Time-Varying Parameters

Objective: Due to changing rules and regulations, changing market conditions, and a
changing electricity production towards a higher proportion of renewable energies, electricity
prices show a changing behaviour over time. In this talk we try to modify existing statistical
models for electricity prices by employing processes which show locally a behaviour similar
to α-stable processes, but allow for time-varying parameters.
Material and methods: The processes under consideration have no stationary increments,
so that we look at additive (i.e. independent increment) processes instead of Lévy processes.
The data which motivates the analysis is taken from the data base of the European Energy
Exchange EEX.
Results and conclusions: The new approach o�ers more �exibility for modelling electricity
prices.
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NA 2/99Kolmogorov type and general extension results for nonlinear expectations

We provide extension procedures for nonlinear expectations to the space of all bounded
measurable functions.A nonlinear expectation is a monotone and constant preserving func-
tional which is de�ned for all bounded measurable functions. If a nonlinear expectation E
is in addition sublinear, then ρ(X) := E(−X) de�nes a coherent monetary risk measure as
introduced by Artzner et al. Other prominent examples of nonlinear expectations include
the g-expectation and the G-expectation introduced by Peng.
Using tools from convex analysis, we �rst derive a dual representation in terms of �nitely
additive measures and discuss a maximal extension for convex expectations. One of the
main results is an extension procedure for convex expectations which are continuous from
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above and therefore admit a representation in terms of countably additive measures. This
can be seen as a nonlinear version of the Daniell-Stone theorem. From this, we deduce a
robust Kolmogorov extension theorem which is then used to construct nonlinear Markov
processes by extending nonlinear kernels to an in�nite dimensional path space.
The talk is based on joint work with Robert Denk and Michael Kupper.
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HZO80Multivariate shortfall risk allocation and systemic risk

The ongoing concern about systemic risk since the outburst of the global �nancial crisis
has highlighted the need for risk measures at the level of sets of interconnected �nancial
components, such as portfolios, institutions or members of clearing houses. The two main
issues in systemic risk measurement are the computation of an overall reserve level and its
allocation to the di�erent components according to their systemic relevance. In this work,
we develop a pragmatic approach to systemic risk measurement and allocation based on
multivariate shortfall risk measures, where acceptable allocations are �rst computed and
then aggregated in order to minimize costs. We provide existence and uniqueness results
for an optimal allocation under mild conditions, as well as a characterization of the optimal
allocation which is useful for numerical computations. We also analyze the interplay between
the loss function in the multivariate shortfall risk measure and the dependence structure of
the random vector, and highlight the relevance as an indicator of systemic risk. Moreover, we
provide and test various numerical schemes to assess the risk allocation in high dimensions.
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NA 2/99Asymptotic arbitrage in the large fractional binary market

We study, from the perspective of large �nancial markets, the asymptotic arbitrage oppor-
tunities with proportional transaction costs in a sequence of binary markets approximating
the fractional Black�Scholes model. This approximating sequence was introduced by
Sottinen and named fractional binary market.
We follow a constructive approach to achieve our goal. In a �rst step, we construct
an explicit sequence of 1�step self��nancing trading strategies leading to an asymptotic
arbitrage of �rst kind when the transaction costs are of order o(1/NH), where H > 1/2 is
the Hurst parameter of the approximated fractional Brownian motion. However, when the
transaction costs converge slowly to zero, we prove that no 1�step asymptotic arbitrage of
any kind exists.
Next, we analyse the existence of asymptotic arbitrage in the large fractional binary market
under more general self��nancing strategies. Indeed, with the help of a law of large
numbers for mixingales and a stopping time procedure, we construct, in the frictionless
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case, a sequence of self��nancing trading strategies leading to a stronger version of
asymptotic arbitrage than the one derived for the sequence of 1�step trading strategies.
When transaction costs are taken into account, we show, following a similar argument,
the existence of a strong asymptotic arbitrage when the transaction costs are of order
o(
√
logN/N (2H−1/2)∧(H+1/2)).
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NA 01/99Risk-Sensitive Stopping Problems for CTMC

Optimal stopping problems are a widely discussed topic with a vast literature to refer
to. However, most authors con�ne themselves to the classical criterion of maximizing an
expected reward or the popular risk- sensitive criterion of maximizing an expected reward
under exponential utility. In this talk we study general risk-sensitive stopping problems
under arbitrary utility functions for continuous-time Markov chains. We will show that
these stopping problems can be tackled by discrete-time problems, formulate a Bellman-
type equation and characterize the optimal solution as a �xed-point of an integral equation.
Furthermore we will analyse the structural properties of optimal stopping rules and give
conditions under which so-called one-step look ahead rules are optimal. We will see that in
case of an exponential utility the analysis simpli�es considerable. At the end we will treat
a speci�c example.
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NA 01/99Optimized expected utility risk measures: properties and ratings by implied risk

aversion

In this talk we introduce a new class of risk measures that are generated by a utility function
u via an associated optimal investment problem. We refer to them as optimal expected
utility (OEU) risk measures. For an investor, whose preferences are given by u, it evaluates
a �nancial position by �nding the optimal capital to be borrowed and added to the position
in order to maximizing the discounted certainty equivalent of the future payo� minus the
borrowed capital. We derive properties of OEU risk measures and put them in relation to
alternative risk measures, in particular to those based on certainty equivalents. A main
feature of OEU is that for utility functions u having constant relative risk aversion and for
proper discounting we get a risk measure which is non-trivial and coherent.
We illustrate that OEU risk measures react in a more sensitive way to slight changes of the
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probability of a �nancial loss than value at risk and average value at risk. This motivates,
as an alternative to standard value-at-risk-based ratings, to use implied risk aversion based
on OEU as coherent rating methodology for structured �nancial products. This takes into
account both upside potential and downside risks of such products. In addition, implied risk
aversion is easily interpreted in terms of an individual investor's risk aversion: A product is
attractive (unattractive) for an investor if its implied risk aversion is higher (lower) than his
individual risk aversion. We illustrate our approach in a case study and �nd that implied
risk aversion is able to identify favorable products.
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HZO80On Capital Injections and Dividends with Tax

Consider an insurance surplus process (compound Poisson model or di�usion approxima-
tion). The classical measure for the risk is the ruin probability. De Finetti (1957) has
introduced dividend payments until ruin and measured the risk by the expected discounted
dividend payments. Kulenko and S. (2008) and Scheer and S. (2011) added capital injec-
tions. Ruin was not allowed, and the risk is measured as the discounted value of dividends
minus penalised capital injections. In this work we add tax payments on the dividend pay-
ments. The capital injections lead to tax exemptions up to the same value as the injections.
The value of a strategy is the discounted value of the dividends after tax minus the penalised
capital injections.
We construct the value function of the problem, both for the classical model and the dif-
fusion approximation. We show that the value function ful�ls a Hamilton�Jacobi�Bellman
equation. It turns out that the optimal dividend strategy is a two barrier strategy. If an
immediate dividend is exempt from tax, the barrier is the same as the barrier in the problem
without tax. If there is no exemption left, the barrier is at a higher level than in the case
without tax, unless the barrier is at zero.
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HZO80Term structure of defaultable bonds, an approach with Jacobi processes

This study provides a novel defaultable term structure model that is capable of capturing
negative instantaneous correlation between credit spreads and risk-free rate documented
in empirical literature while sustaining the positivity of the default intensity and risk-free
rate. Given a multivariate Jacobi (Wright�Fisher) process and a certain functional, we
are able to compute the zero-coupon bond prices, both defaultable and default-free, in a
relatively tractable way by using the exponential change of measure technique with the
help of Ã¬carré du champÃ® operator as well as by using the transition density function
obtained from the dual representation of the Jacobi process. The resulting formula involves
series involving ratios of gamma functions and fast converging exponential decay functions.
The main advantage of the proposed reduced form model is that it provides a more �exible
correlation structure between state variables governing the (defaultable) term structure
within a relatively tractable framework for bond and derivative pricing. Moreover, in higher
dimensions one does not need to rely on numerical schemes related to the di�erential
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equations, which may be di�cult to handle (e.g multi-dimensional Riccati equations in
a�ne and quadratic term structure frameworks), because the transition density function of
the state variables are known. We also illustrate how one can use the proposed model for
credit default swap pricing and in a multi-curve setting.
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HZO90The Stigler-Luckock model for the evolution of an order book.

In 1964, G.J. Stigler introduced a stochastic model for the evolution of an order book on
a stock market. In 2003, this model was independently rediscovered and generalized by H.
Luckock. In his formulation, traders place buy and sell limit orders of unit size according to
indepedent Poisson processes with possibly di�erent intensities. Newly arriving buy (sell)
orders are either immediately matched to the best available matching sell (buy) order or
stay in the order book until a matching order arrives. Luckock showed that if this model
has a "stationary" state in which buy (sell) orders below (above) a certain price level are
never matched, while all other orders are eventually matched, then it is possible to explicitly
calculate the equilibrium distribution of the best buy (sell) order in the order book. I will
report on recent progress towards a rigorous proof that such "stationary" states as predicted
by Luckock indeed exist.
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NA 01/99Explicit optimal portfolio policies under partial information and convex constraints

We consider an investor who wants to maximize expected utility of terminal wealth by
trading in a multidimensional �nancial market with one riskless asset and several stocks.
The stock returns are driven by a Brownian motion and the drift is an unknown random
variable that has to be estimated from the observable stock prices in addition to some
analysts estimates as proposed in [2]. The best estimate given these observations is the
Kalman-Bucy-Filter.
The investor is restricted to portfolio strategies satisfying several convex constraints (for
instance due to legal restrictions or fund characteristics) implying in particular no-short-
selling and no-borrowing constraints. One popular approach to constrained portfolio
optimization is the convex duality approach of Cvitanic and Karatzas [1]. They introduce
auxiliary markets with shifted parameters and obtain corresponding dual problems.
As a �rst step we solve these dual problems in the cases of logarithmic and power utility
using stochastic control. In the latter we apply a reverse separation approach in order to
obtain areas where the value function is di�erentiable. This areas have a straight forward
interpretation allowing to di�er between active stocks (which are invested in) and passive
stocks.
In the second step we solve the auxiliary markets to obtain the optimal policies. We
show that given the optimal dual process of [1] the auxiliary markets can be solved very
easily by plugging in the shifted parameters from the optimal auxiliary markets into the
unconstrained strategies.A veri�cation theorem guarantees the validity of our results.
Following this approach the resulting optimal strategies can be calculated entirely explicitly
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although the market setting allows for partial information, convex constraints, analysts
estimates and power utility.
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NA 2/99Hedging with Transient Price Impact

We consider the problem of hedging a European contingent claim in a Bachelier model with
transient price impact as proposed by Almgren and Chriss (2001). Following the approach
of Rogers and Singh (2010) and Naujokat and Westray (2011), the hedging problem can
be regarded as a cost optimal tracking problem of the frictionless hedging strategy. We
solve this problem explicitly for general predictable target hedging strategies, also including
a constraint version of the problem where the �nal hedging position is restricted to a cer-
tain exogenously prescribed level. It turns out that, rather than towards the current target
position, the optimal policy trades towards a weighted average of expected future target
positions. This generalizes an observation of Garleanu and Pedersen (2013) from their
homogenous Markovian optimal investment problem to a general hedging problem. Our
�ndings complement a number of previous studies in the literature on optimal strategies in
illiquid markets where the frictionless strategy is con�ned to di�usions. The consideration
of general predictable reference strategies is made possible by the use of a convex analysis
approach instead of the more common dynamic programming methods. Passing to a more
general setup where the transient price impact is stochastic and the underlying una�ected
price process follows a continuous semimartingale, the general structure of the optimal fric-
tional hedge of tracking a weighted average of expected future target positions is preserved.
In this case, the solution of the hedging problem is linked to the solvability of a general
backward stochastic Riccati equation.
This is joint work with Peter Bank and H. Mete Soner.
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HZO80A�ne processes with Stochastic Discontinuities

Motivated by the observation, that asset prices may exhibit jumps of random height at
priorly �xed dates such as board meetings, we study a�ne processes beyond the common
assumption of stochastic continuity.
We restrict ourselves to the study of d−dimensional semimartingales X with state space D
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on a �ltered probability space
(
Ω, (Ft)t≥0 ,F ,P

)
and de�ne X to be a�ne if there exist

C and Cd−valued deterministic functions ϕ (s, t, u) and ψ (s, t, u), respectively, such that

E
[
e⟨u,Xt⟩

∣∣∣Fs

]
= exp (ϕ (s, t, u) + ⟨ψ (s, t, u) , Xs⟩)

holds for all u ∈ iRd,0 ≤ s ≤ t and x ∈ D. Under fairly general assumptions ϕ and ψ
can be completely characterized as càdlàg solutions of a certain di�erential equation with
jumps, i.e. in between jumps ϕ and ψ satisfy a generalized measure ODE with a driver of
Lévy-Khintchine form and the jumps of ϕ and ψ satisfy another equation. On the other
hand we prove existence of such a�ne semimartingales given a set of admissible parameters
similar to those in [1] and [2]. Our �ndings generalize [2] to semimartingales with singular
continuous and discontinuous characteristics.
We apply our result to a�ne processes in discrete time and elaborate on a model for asset
prices with dividend payments at �xed dates.
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HZO90Expert opinions and logarithmic utility maximization for multivariate stock
returns with Gaussian Drift

Investors in �nancial markets make trading decisions based on the available information
about current market developments. We investigate optimal trading strategies in a �nancial
market with multiple stocks where the drift of stock returns is an unobservable multivariate
Ornstein-Uhlenbeck process. Information about the drift is obtained by observing stock
returns and expert opinions. We assume that an expert yields unbiased estimates on the
current state of the drift at discrete points in time.
The optimal trading strategy of investors maximizing expected logarithmic utility of
terminal wealth depends on the conditional expectation of the drift given the available
information. For this conditional expectation, the �lter, we state �ltering equations.
Furthermore, we investigate properties of the conditional covariance matrices of the �lter.
Firstly, we consider the asymptotic behaviour of the covariance matrices for an increasing
number of expert opinions on a �nite time horizon. Secondly, we state conditions for
the convergence of the covariance matrices on an in�nite time horizon with regularly
arriving expert opinions. In the context of �ltering we make use of the Kalman �lter. The
conditional covariance matrices follow ordinary di�erential equations of Riccati type. We
rely on basic theory about matrix Riccati equations for the analysis.
Finally, we derive the optimal trading strategy of an investor. The optimal expected
logarithmic utility of terminal wealth, the value function, is a function of the conditional
covariance matrices. Hence, our analysis of the covariance matrices allows us to deduce
properties of the value function. For instance, we can show that the value function of an
investor who observes expert opinions converges to that of a fully informed investor if we
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let the number of expert opinions go to in�nity on a �nite time horizon.
This work extends a paper by Gabih et al. [1] from the univariate to the multivariate case
where it is no longer possible to �nd closed-form solutions of the covariance matrices.
Another di�culty lies in �nding suitable matrix norms in which one can prove convergence
results.

References:
[1] A. Gabih, H. Kondakji, J. Saÿ, R. Wunderlich. Expert opinions and logarithmic utility
maximization in a market with Gaussian drift. Communications on Stochastic Analysis 8,
27�47, 2014.
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HZO90Expert opinions and maximizing power utility in a market with Gaussian drift

We consider a continuous-time �nancial market with partial information on the drift and
solve utility maximization problems which include expert opinions on the unobservable drift.
Stock returns are driven by a Brownian motion and the drift depends on a factor process
which is an Ornstein Uhlenbeck process. Thus the drift is hidden and has to be estimated
from observable quantities. If the investor only observes stock prices then the best estimate
is the Kalman �lter. However, to improve the estimate, an investor may also rely on expert
opinions providing a noisy estimate of the current state of the drift. This reduces the
variance of the �lter and thus improves expected utility. That procedure can be seen as a
continuous-time version of the classical Black-Litterman approach. The expert opinions are
modeled by a marked point process with jump-size distribution depending on the current
state of the hidden factor process. We also look at models where the expert opinions arrive
at �xed and known information dates as well as continuous-time experts.
For the associated portfolio problem with logarithmic utility explicit solutions are available
in the literature. In this talk we consider the case of power utility. Here, we apply dynamic
programming techniques and solve the corresponding dynamic programming equation for
the value function. Di�usion approximations for discrete-time experts allow to simplify
the problem and to derive more explicit solutions. We illustrate our �ndings by numerical
results.
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HZO90Towards a realistic model of a 3D turbulent �ow

We shall focus in this talk on the following problem: "Can we explicitly construct a stochas-
tic model of a velocity �eld {u(x)}x∈R3 which combines the key features observed exper-
imentally in turbulence ?" To make the mathematical question precise, we have identi�ed
with Laurent Chevillard the following four axioms that shall be satis�ed by the �eld:

(1) Isotropy

(2) Incompressibility

(3) Negative skewness (a key feature of the energy dissipation mechanism)

(4) Intermittency

As we shall see, it is quite challenging to combine these 4 axioms within a single stochastic
model. Note that axioms (3) and (4) exclude Gaussian models such as Fractional Brownian
motions which were introduced by Kolmogorov already as a �rst attempt to model realistic
turbulent �ows. Part of the analysis will focus on a promising (but ill-de�ned) stochastic
model which had been introduced by Chevillard, Robert, Vargas and which is based on
Gaussian multiplicative chaos. I will discuss on-going works with Chevillard and Pereira-
Chevillard on this topic.
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HZO90A stochastic model for Lotka-Volterra cross-di�usion system

Systems of nonlinear parabolic equations arise as mathematical models in mathematical
physics, biology, chemistry, �nancial mathematics and many other �elds. We present some
results concerning probabilistic approaches to construct generalized solutions to the Cauchy
problem for systems of nonlinear second order parabolic equations with cross-di�usion. In
particular we are interested in systems including the so called cross-di�usion terms. As an
example we consider the Lotka-Volterra system with cross-di�usion called SKT model

uqt = ∆[uq(dq + αq1u
1 + αq2u

2)] + uq(aq − bqu
1 − cqu

2), uq(0, x) = uq0(x), x ∈ Rd, (8)

where αlq, aq, bq, cq, are positive constants, q = 1, 2.
The Cauchy problem (8) is said to have a generalized solution (u1(t), u2(t)) valued in

the Sobolev space H1 when for any h(t) ∈ C∞
0 (R) , q = 1, 2 the integral identities hold∫

Rd

uq(t, x)h(x)dx−
∫
Rd

uq(0, x)h(x)dx

=

∫ t

0

∫
Rd

uq(s, x)[(dq +αq1u
1 +αq2u

2)∆h(x) + (aq − bqu
1(s, x)− cqu

2(s, x))h(x)]dxds.
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Our aim is to prove the following statement.
Theorem 1. Assume that there exists a unique generalized solution u1(t), u2(t) ∈ H1 of the
Cauchy problem (8). Then functions uq(t, x), q = 1, 2 admit probabilistic representations
of the form

uq(t, x) = E[η̂q(t)u0(ξ̂
q(t))],

where ξ̂q(θ) = ξq(t− θ), and processes ξq(θ), ηq(θ) solve SDEs

dξq(θ) =
√

2M q
u(ξq(θ))dθ, ξq(0) = y,

dηq(θ) = mq
u(ξ

q(θ))ηq(θ)dθ + Cq
u(ξ

q(θ))(ηq(θ), dw(θ)), ηq(0) = 1,

where M q
u = dq + αq1u

1 + αq2u
2, mq

u = aq − bqu
1 − cqu

2 − ∥∇M q
u∥2 and Cq

u = −∇M q
u.
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HZO80Equilibrium States of Interacting Particle Systems in Continuum

We consider a classical system of interacting particles in continuum and construct lattice
approximations thereof in which the spins are given by the number of particles in a certain
small volume. We are concerned with the existence and uniqueness of the Gibbs measures
in these lattice systems. Moreover, we are interested in establishing connections between
the properties of the equilibrium measures of the lattice and continuum systems.
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NA 2/99Pruning the ancestral selection graph: the Moran model and its deterministic

limit

In a �rst step we consider a Moran model with population size N , two allelic types,
mutation, and selection. We denote by hNk the probability that an initial subpopulation
of k �t individuals will be ancestral to the whole population at a later time. Kluth and
Baake (2013) showed that hNk can be expressed as a weighted sum of combinatorial terms,
where the weights satisfy a 2-step recurrence relation. We further prove that the weights
correspond to the tail probabilities of a random variable LN . Following the lines of Lenz,
Kluth, Baake and Wakolbinger (2015), who consider the problem in the di�usion limit, we
provide a graphical interpretation to these results through pruning of the ancestral selection
graph (ASG), starting from the �nite system without taking any limit. More precisely,
we introduce the notion of pruned lookdown ASG and we recover the aforementioned
representation of hNk . The random variable LN is interpreted as the stationary number
of lines in the pruned lookdown ASG. Next, we consider the limit of large populations,
without any rescaling of parameters or time. In this setting the proportion of �t individuals
converges to a deterministic limit and the probabilities hNk converge in an appropriate
sense to an explicit function h. Finally, we construct an asymptotic version of the pruned
lookdown ASG providing a graphical meaning to the function h.
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HZO100Random walks in dynamic random environments and ancestry under local

population regulation

We consider random walks in dynamic random environments, with an environment gen-
erated by the time-reversal of a Markov process from the oriented percolation universality
class. If the in�uence of the random medium on the walk is small in space-time regions
where the medium is typical, we obtain a law of large numbers and an averaged central
limit theorem for the walk via a regeneration construction under suitable coarse-graining.
Such random walks occur naturally as spatial embeddings of ancestral lineages in spatial
population models with local regulation. We verify that our assumptions hold for logistic
branching random walks when the population density is su�ciently high.
The talk is based on a joint work with Matthias Birkner and Jirí Cerný.
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HZO100Subdi�usivity of a random walk among moving Poisson traps, and thin points of

random walks

We consider a one-dimensional random walk X among a Poisson system of traps which
move as independent simple random walks. The asymptotics of the quenched and annealed
survival probability ofX has been derived in earlier investigations, and we study the annealed
path behaviour of X conditioned on survival up to time t. In particular, we derive lower
and upper subdi�usive bounds for the �uctuations of X under the corresponding Gibbs
measure. As a corollary to one of our main technical results we give an upper bound on the
thin points of mean-zero random walks with �nite third moments.
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NA 2/99Biodiversity indices � Same, same, but di�erent?

Objectives: The Shapley Value and the Fair Proportion Index of phylogenetic trees have
been frequently discussed as prioritization tools in conservation biology. Both indices rank
species according to their contribution to total phylogenetic diversity, allowing for a simple
conservation criterion. While both indices have their speci�c advantages and drawbacks, it
has recently been shown that both values are closely related. However, as di�erent authors
use di�erent de�nitions of the Shapley Value, the speci�c degree of relatedness depends
on the speci�c version of the Shapley Value � it ranges from a high correlation index to
equality of the indices. Our aim is to analyze the relatedness of the Fair Proportion Index
and the Shapley Value for the various de�nitions of the Shapley Value which can be found
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in phylogenetic literature.
Methods: In the analytical part of our study, we explain the di�erent versions of the indices
and prove some characteristics they have. In the simulation part of our study, we compare
the two indices by looking at their induced rankings, and we compare these rankings using
di�erent metrics, namely the Manhattan distance as well as Kendall's tau distance. We
randomly generated birth-death trees and calculated the rankings for both indices in order
to compare them for an increasing number of species under consideration.
Results and Conclusions: We show that even though the chance of two rankings being
exactly identical (when obtained from di�erent versions of the Shapley Value) decreases
with an increasing number of species, the distance between the two rankings converges to
zero, i.e. the rankings are becoming more and more alike. All presented calculations have
been performed using FairShapley, our new software package which is publicly available.
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HZO90Deterministic approximation of feedback-controlled Markov jump processes and
its application to the chemical master equation

Markov jump processes are used to model various phenomena. Particularly relevant in the
context of biological or chemical applications is the chemical master equation, which direct
numerical simulation becomes intractable when many interacting particles ("species"�) are
involved. This is even more of a problem in cases, in which one is interested in in�uenc-
ing and controlling the dynamics as, due to the high state space dimension, established
techniques from optimal control cannot be utilized. While limit theorems exist that allow
for the approximation of uncontrolled Markov jump process in the large number regime
by ordinary di�erential equations, similar results are missing for the corresponding optimal
control problem.
In this study, we address this problem for both open loop and feedback control problems.
Based on Kurtz's limit theorems, we prove the convergence of the respective control value
functions of the underlying Markov decision problem as the number of particles goes to
in�nity. In the case of a �nite time horizon, a hybrid control policy is proposed to overcome
the di�culties due to the curse of dimensionality when the particle number is large, but
�nite. Numerical examples are presented to demonstrate the analysis and algorithms.
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HZO80The �rst-passage time of the Brownian motion to a curved boundary: An
algorithmic approach

Under some weak conditions, the �rst-passage time of the Brownian motion to a continuous
curved boundary is an almost surely �nite stopping time. Its probability density function
(pdf) is explicitly known only in few particular cases. Several mathematical studies proposed
to approximate the pdf in a quite general framework or even to simulate this hitting time
using a discrete time approximation of the Brownian motion. The authors study a new
algorithm which permits to simulate the �rst-passage time using an iterating procedure.
The convergence rate presented in this talk suggests that the method is very e�cient.
This is a common work with Etienne Tanré.
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HZO90E�cient structure-preserving numerical scheme applied to nonlinear stochastic
�ltering of a neural mass model

Neural mass models provide a useful framework for modelling mesoscopic neural dynamics
and in this talk we consider the Jansen and Rit Neural Mass Model (JR-NMM). This
system of ODEs has been introduced as a model in the context of electroencephalography
(EEG) rhythms and evoked potentials and has been proposed as an underlying model in
various application settings, e.g. for detecting epileptic seizures. We formulate a stochastic
version of the JR-NMM which arises by incorporating random input and has the structure
of a nonlinear stochastic oscillator. We simulate the stochastic JR-NMM by an e�cient
numerical scheme based on a splitting approach which preserves the qualitative behaviour
of the solution. The �nal goal is to use the stochastic JR-NMM as the underlying model
in a nonlinear �ltering framework in order to solve the inverse problem. In particular, we
compute certain parameters of the model from simulated EEG-related data.
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HZO90Harris recurrence for strongly degenerate stochastic systems, with application to
stochastic Hodgkin-Huxley models

We consider strongly degenerate stochastic di�erential equations having analytic coe�-
cients, a di�usion coe�cient which does not depend on time, and a drift depending on both
time and spatial position which is periodic in the time argument. Our aim is to give simple
criteria for positive Harris recurrence. These are formulated in terms of control systems and
the support theorem, in terms of one inner point of the state space which is of full weak
Hoermander dimension, and in terms of some Lyapunov function.
As an application, we can consider a stochastic Hodgkin-Huxley model for a spiking neu-
ron where dendritic input �carrying some deterministic periodic signal coded in its drift
coe�cient� is the only source of noise. This amounts to a 5d SDE driven by 1d Brownian
motion for which we can prove positive Harris recurrence. This approach provides us with
laws of large numbers which allow to describe the spiking activity of the neuron in the long
run.
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HZO100Complex random energy models: Phase diagrams, complex zeros and �uctuations

We explore the shapes of the phase diagrams, the �uctuations, and the distribution of the
(complex plane) zeros for the partition functions in range-free disordered systems. This is
done by studying the paradigmatic random energy model (REM) and the generalized REM
(GREM) having weak and strong correlations, respectively. Moreover, we study a model
lying exactly at the borderline (in terms of the correlation strength) between the above
two models � the branching Brownian motion (BBM) energy model. We show that on
the complex inverse temperature plane there are additional phases appearing which are not
visible on the real line. Those are induced by strong interference e�ects. We show that
the REM and BBM energy model have the same phase diagram but the �uctuations of the
BBM energy model di�er from those of the REM. The phase diagram of the GREM is much
richer than the one of the REM. For all these models, in the large system size limit, we

(a) identify the distribution (=�uctuations) of the suitably rescaled partition function;

(b) identify the distribution of complex zeros of the partition function;

(c) compute the log-partition function.

We conclude with the conjectures on the emergence of shapes of complex plane phase
diagrams in generic range-free disordered systems.
The talk is based on joint works with Zakhar Kabluchko and with Lisa Hartung.
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HZO80A control theory approach to the Schrödinger equation

In 1966, E. Nelson established a new interpretation of quantum mechanics, whereby
the particles follow some conservative di�usion process, i.e. forward-backward stochastic
di�erential equations (FBSDEs), which are equivalent to the Schrödinger equation. Until
now, this equivalence has been applied in such a way that a known solution to the
Schrödinger equation is used to integrate the stochastic di�erential equations numerically
and analyse the statistical properties of the sample paths.
However, in analogy to classical mechanics, the stochastic equations of motion can be
derived from an optimal control problem, whereby the variation of an stochastic action
functional leads to the Schrödinger equation as the Hamilton-Jacobi-Bellman equation
of the problem. We show that the stochastic equations of motion, i.e. the stochastic
Hamilton equations, can be determined from the optimal control problem by using the
maximum principle, which leads to equations for the adjoint processes. The equation
for the di�usion process and the equation of the corresponding conjugated momentum
constitute the Hamilton equations motion in the stochastic case. Solving these coupled
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FBSDEs numerically, we determined the probability distribution of the process, i.e. the
square of the absolute value of the wave function.

References:
[1] Nelson, E.: E. Derivations to the Schrödinger Equation from Newtonian Mechanics,
Phys. Rev., 1966, 150, 1079-1085
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HZO80Distances between Lévy measures and noise sensitivity of Lévy driven SDE with
applications

The main results of the talk are obtained in [1] in collaboration with Jan Gairing, Michael
Högele and Alexei Kulik and in [2] in collaboration with Jan Gairing and Michael Högele. We
handle the following problem: how to assess the distance on the path space between the laws
of two Lévy driven stochastic di�erential equations in terms of the noise characteristics? This
question naturally arises in the problem of model selection, when a dynamical phenomenon
is described by means of an SDE

X(t) =

∫ t

0
∇U(s)ds+ ξ(t), t ∈ [0, T ], (9)

where ∇U is a gradient of some potential and ξ is a Lévy process, uniquely determined
by its characteristic triplet consisting of coe�cients a, b and a Lévy measure Π. To
select the process of the type (1), which re�ects the dynamics of the empirically observed
phenomenon, we need to control the deviation between the processes in terms of the
distances between the empirical and chosen coe�cients as well as the Lévy measures. In
order to tackle this problem we introduce the notion of coupling distance on the space of
Lévy measures, which is based on the Wasserstein distance between the renormalised tails.
In the case of SDE's with additive noise we give the estimate for the Wasserstein distance
on the path space between the laws of solutions in terms of the coupling distance.
In general, when the coe�cients as well as the Lévy measure are space dependent and (1)
is a Lévy-type process, the previous approach leads to highly inexplicit results. But we
exploit the fact that in the one dimensional case every Lévy kernel (space dependent Lévy
measure) can be obtained by means of a �xed in�nite Lévy measure and the transform
function. And under an appropriate set of conditions on the state dependent characteristic
triplet the Lévy-type process can be described as a strong solution to a Lévy driven SDE
with multiplicative noise. The estimate of the deviation between two Lévy-type processes
is given in terms of transportation distance between the Lévy kernels, which relies on the
transform functions of the kernels. We utilise these results to determine the polynomial
jump behaviour of the temperature evolution in the low-dimensional conceptual climate
models with paleoclimatic data.

References:
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2015.
[1] Gairing J., Högele M., Kosenkova T. Noise sensitivity of multiplicative Lévy SDE in
terms of transportation distances. arXiv:1511.07666
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HZO80On the Dynamic of Lévy driven SDEs

The dynamics generated by solutions of Stratonovich type stochastic di�erential equations
(SDEs) driven by Brownian noise was extensively studied over the past 30 years. There are
real world phenomena indicating, that the use of Lévy processes instead of Brownian motion
are more suitable for some applications. However, to study the dynamics of SDEs driven by
Lévy processes there is a new class of SDEs needed. This class is given by so�called Marcus
type or canonical SDEs (MSDEs).
To study the dynamics of MSDEs driven by Lévy noise (in the sence of random dynamical
systems) we have to establish several key tools: First of all we need a metric dynamical
system corresponding to the Lévy noise. To prove, that the solution of MSDEs generate a
random dynamical system (RDS) we have to verify the cocycle property, which can by done
by so�called perfection methods. To show the existence of (un)stable manifolds we apply
the Lyapunov�Perron method, which allows us to construct stable and unstable manifolds
by solving a �xed point problem. Finally we study the dynamics generated by generalised
MSDEs with delay. To show existence and uniqueness for solutions of Marcus type stochastic
di�erential delay equations (MSDDEs) we use a decomposition argument by Mohammed
and Scheutzow, which separates the delay part from the stochastic integral part.
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HZO90An individual-based model for the Lenski experiment, and the deceleration of the
relative �tness

The Lenski experiment investigates the long-term evolution of bacterial populations. Its
design allows the direct comparison of the reproductive �tness of an evolved strain with
its founder ancestor. It was observed by Wiser et al. (2013) that the relative �tness
over time increases sublinearly, a behaviour which is commonly attributed to e�ects like
clonal interference or epistasis. In this talk, we present an individual-based probabilistic
model that captures essential features of the design of the Lenski experiment. We assume
that each bene�cial mutation increases the individual reproduction rate by a �xed amount,
which corresponds to the absence of epistasis in the continuous-time (intraday) part of the
model, but leads to an epistatic e�ect in the discrete-time (interday) part of the model.
Using an approximation by near-critical Galton-Watson processes, we prove that under some
assumptions on the model parameters which exclude clonal interference, the relative �tness
process converges, after suitable rescaling, in the large population limit to a power law
function.
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NA 2/99The distribution of the common ancestor's type

In a (two-type) Wright-Fisher di�usion with directional selection and two-way mutation, let
x denote today's frequency of the bene�cial type, and given x, let h(x) be the probability
that, among all individuals of today's population, the individual whose progeny will even-
tually take over in the population is of the bene�cial type. Fearnhead (2002) and Taylor
(2007) obtained a series representation for h(x). We introduce a line counting process
which relies on elements of the ancestral selection graph and the lookdown construction,
and which gives a probabilistic meaning to the series representation. We will also discuss the
case of heavy-tailed o�spring, modelled by a Lambda-Wright-Fisher di�usion with selection
and mutation. Then, to describe h(x), we employ a pruned version of the block counting
process of the Lambda-ancestral selection graph and its Siegmund dual.
Part of the talk is based on joint work with Sandra Kluth (Theor. Pop. Biol. 103 (2015),
27-37).
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HZO80Dynamics of Non-densely De�ned Stochastic Evolution Equations

We consider on separable Banach spaces a class of stochastic evolution equations{
dU(t) = AU(t)dt+ F (U(t))dt+ dW (t), t ∈ [0, T ]

U(0) = U0 ∈ D(A),

with a non-densely de�ned linear part. In this case, the C0-semigroup theory can no longer
be applied.Such situations occur when certain additional restrictions are incorporated in
the domain of a linear operator. The noise term is constituted by a Banach space-valued
Brownian motion.
A suitable transformation allows us to reduce the stochastic equation into a random one,
from which we can derive a random dynamical system and investigate the existence of
random attractors.
Our theory is based on the integrated semigroup approach, considered in the deterministic
case by P. Magal and S. Ruan (2009). As applications, we discuss age-structured population
models, transport and parabolic equations with nonlinear boundary conditions.
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HZO90From Critical Scalings to Shock Fluctuations in TASEP and Last Passage
Percolation

We consider the Totally Asymmetric Simple Exclusion Process (TASEP) in a critical scaling
between �at geometries (constant density) and shocks (discontinuity in the density). We
address the question whether we recover the shock statistics as a limit under the critical
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scaling. The limit law of particle positions at shocks was previously obtained by P. Ferrari
and the author and is governed by an asymptotic independence. Based on a re�ned control
over �uctuations of maximizing paths in a related Last Passage Percolation (LPP) model
and asymptotics of Fredholm Determinants, we show that we indeed recover the product
form observed at shocks.
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HZO80A randomized weighted p-Laplacian Evolution Equation with Neumann Boundary
Conditions

In this talk, we consider the randomized version of a weighted p-Laplacian evolution equa-
tion in L1(Ω;L1(S)), where S ⊆ Rn and (Ω,F ,P) is a probability space. This equation
models the evolution of �uvial landscapes. The initial value describes a �uvial landscape,
the occurring weight function is a (stationary) water depth and the solution u represents
the �uvial landscapes' change over time. As it seems reasonable to view the water depth
as well as the �uvial landscape as random quantities, this equation is of great interest.
We obtain unique strong solutions u for arbitrary initial values u0 ∈ L1(Ω;L1(S)). More-
over, we prove that the solution converges (in Lq(Ω;Lq(S)), for any q ≥ 1) to the average
(u0) of the initial value as long as u0 ∈ Lq(Ω;Lq(S)). In addition, an almost sure upper
bound for ||u(t)−(u0)||L1(S) and an upper bound for the tail function of ||u(t)−(u0)||L2(S)

will be derived. If the initial value is su�ciently integrable then the bound for the tail func-
tion is of exponential order. The latter holds particularly if u0 is either bounded or Gaussian.
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NA 2/99The �nal partition of the seed-bank coalescent with mutation

The aim is to study the �nal Partition of the seed-bank coalescent with mutation under
the in�nitely many alleles assumption.
The seed-bank coalesscent arises in the genealogy of populations in which some individuals
stay inactive for some time and afterwards participate in the evolution. Adding mutations
with in�nitely many alleles causes the seed-bank coalescent to get absorbed in a �nal
partition.
For this exchangeable partition probability function an implicit recursion is derived, which
is shown to have a unique solution. A probabilistic Interpretation is given. Moreover,
expectations of di�erent statistics of the forest are computed by means of this recursion.

Thomas Richthammer1

1Universität Hildesheim, IMAI, Hildesheim
01.03.2016
S5 | 11:30

HZO80Rigidity of 2D crystals: the hard disk model

The hard disk model is a particularly simple 2D Gibbsian point process. The particles can
be viewed as disks and the only interaction is that any two disks are not allowed to overlap.
The a priori particle density is regulated by the activity parameter z. It is conjectured that
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for large value of z the particles arrange themselves into a regular structure corresponding
to a triangular lattice. However, this lattice structure cannot be very rigid: It is known that
�uctuations of particle positions grow unboundedly when the size of the system increases.
For the 2D harmonic solid, which in many respects is believed to be prototypical for solids
in general, these positional �uctuations are of order

√
log n, where n denotes the size of

the system. We aim at deriving a lower bound on these �uctuations of the same order in
the hard disk model.
Unlike in the harmonic solid, in the hard disk model there is no a priori labelling of particles
that would allow to pinpoint a speci�c particle and investigate its positional �uctuations.
Instead, we describe these �uctuations in terms of a certain transformation of particle
con�gurations with the following properties:

• The transformation shifts all particles of a given con�guration in a prede�ned direction.
The translation distance may vary, but it is almost constant locally.

• Particles near the boundary of a box of size 2n×2n are kept �xed. Particles near the
center of the box are translated by an amount of order

√
log n.

• The transformation only has a mild impact on the probability measure describing the
hard disk model. In particular it avoids collisions of disks.

We introduce a set of good con�gurations for which the above properties are not in con�ict,
and we give an explicit recursive construction of a transformation that has the above proper-
ties at least for good con�gurations. We then proceed to explain why such a transformation
should be thought of describing a lower bound for positional �uctuations of order

√
log n.

We note that our result can be extended to fairly arbitrary systems of interacting particles
in 2D. For more details on our result we refer to [R].

[R] T. Richthammer, Lower bound on the mean square displacement of particles in the
hard disk model, (2015), arXiv: 1504.0814, to appear in Comm. Math. Phys.
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HZO100Martingales related to the vertex-reinforced jump process

Sabot and Zeng have discovered two martingales, one of which played a key role in their
investigation of the vertex-reinforced jump process and the edge-reinforced random walk.
Starting from the supersymmetric hyperbolic sigma model, we give an easy alternative
derivation of these two martingales. They turn out to be the �rst two instances in an
in�nite hierarchy of martingales.
This is joint work with Margherita Disertori (Bonn) and Franz Merkl (Munich).
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HZO80Synchronization for mean-feld XY models in a random external �eld

Synchronization processes are ubiquitous in nature and play a very important role in many
di�erent contexts as biology, ecology, climatology or sociology. It is known that synchrony
is rooted in human life from the metabolic processes in our cells to the highest cognitive
tasks we perform as a group of individuals.The milestone here was to consider biological
oscillators as phase oscillators, neglecting the amplitude. Such a population of non-identical
oscillators can exhibit a remarkable cooperative phenomenon, the temporal analog of a phase
transition. When the strength of the coupling some oscillator spontaneously synchronize to
a common frequency, overcoming the disorder of the natural frequencies. This Kuramoto
model has been studied extensively under di�erent aspects, e.g. including noise terms. In
our contribution we are looking at a XY model (of which the Kuramoto model is a special
case) in a random external �eld and study its synchronization behaviour.
This is work in progress in collaboration with F. Collet (University of Bologna).

Nataliia Smorodina1
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03.03.2016
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HZO80Limit theorems for sums of independent random variables and feynman integral

Using classical probabilistic methods we construct a probabilistic approximation in L2 of
the Cauchy problem solution for an equation ∂u

∂t = σ2

2 ,∆u+ V (x)u, where Re, V 6 0 and
σ is a complex parameter with Re, σ2 > 0. This equation coincides with the heat equation
when Im, σ = 0 and with the Schrödinger equation when Re, σ2 = 0.
Financial support of grant RFBR 15-01-01423-a is gratefully acknowledged.

92



Section 6: Stochastic Processes
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HZO50A simple probabilistic model for interfaces in a Martensitic phase transition

A martensitic phase-transformation for a material is a �rst-order di�usionless transition
involving a change of shape of the underlying crystal lattice. In the transition there is a
symmetry breaking leading to the formation of di�erent variants with interfaces between
them and the original phase. We will consider a simple fragmentation model for the patterns
that arise from this phase transition. We can encode the model using a general branching
random walk (GBRW) and develop some new results for the GBRW to determine the
growth rates for the proportion of interfaces which are of a certain size after a certain time.
We calculate explicit descriptions of the interface asymptotics and determine a power law
exponent.

Frank Aurzada1

1Technische Universität Darmstadt, Darmstadt
02.03.2016
S6 | 15:30
HZO100Persistence exponents of Markov chains

We consider persistence probabilities for discrete-time, time-homogeneous, continuous
state space Markov chains, that is, the probability that the Markov chain remains inside
some set up to time n, where n→ ∞. The rate of decay of this probability is shown to be
exponential under some natural conditions.
The formula for the limiting exponent can usually not be solved explicitly. But it gives a
way to verify properties such as monotonicity and continuity of the exponent as a function
of the Markov kernel.
As particular examples, we consider the class of ARMA(p,q) processes restricted to the
non-negative half-line. In some very particular cases, we show that the eigenvalue problem
that is satis�ed by the limiting exponent can be solved explicitly, thus yielding new explicit
persistence exponents.

This is joint work with Sumit Mukherjee (Columbia).
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HZO90Numerical probabilistic method for Quasilinear Stochastic partial di�erential
equations using generalized backward doubly stochastic di�erential equations.

In this work, we present a numerical probabilistic method for the solution of a class of
quasilinear stochastic partial di�erential equations (SPDEs in short). These quasilinear
SPDEs (with a divergence term) was given a probabilistic interpretation in terms of
generalized backward doubly stochastic di�erential equations (GBDSDEs in short) by
Matoussi and Stoica [6].
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Our numerical scheme is based on discrete time approximation for solutions of systems of
decoupled forward-backward generalized doubly stochastic di�erential equations, general-
izing numerical schemes studied in the case of standard backward stochastich di�erential
equations (BSDEs in short) in [3], [4], [5] and [8]. Hence, our probabilistic method extends
the method given by Bachouch and al [1], which deals with numerical approximation of
semilinear SPDEs using a probabilistic approach, to a quasilinear case.
Under standard assumptions on the parameters, we prove the convergence in time and the
rate of convergence of our numerical scheme.
This talk is based on a joint work [2] with Emmanuel Gobet (Ecole Polythechnique, France)
and Anis MATOUSSI (University of Maine, France).

References:
[1] Bachouch A., Ben Lasmer M. A., Matoussi A., Mnif M. (2015): Euler time discretiza-
tion of Backward Doubly SDEs and application to Semilinear SPDEs. In revision.arXiv:
1302.0440 v6. Submitted.
[2] Bachouch A., Gobet, E., Matoussi A. (2015): Numerical computations for Quasilinear
Stochastic PDEs via Backward Doubly Stochastic Di�erential Equations.Preprint.
[3] Bouchard B., Touzi N. (2004): Discrete time approximation and Monte-Carlo
Simulation of Backward Stochastic di�erential equations. Stochastic Processes and Their
applications, 111, 175-206.
[4] Gobet, E., Lemor, J.P, Warin X.(2005): A regression-based Monte Carlo method to
solve backward stochastic di�erntiel equations. The Annals of Applied Probability, vol.15,
no. 3, 2172-2202.
[5] Gobet, E., Lemor, J.P, Warin X.(2006): Rate of convergence of an empirical
regression method for solving generalized backward stochastic di�erential equations.
Bernoulli 12, no. 5, 889-916.
[6] Matoussi A., Stoica L. : The Obstacle Problem for Quasilinear Stochastic PDE's.
Annals of Probability, Vol. 38, N.3, 1143-1179 (2010).
[7] Pardoux E., Peng S. (1994): Backward doubly stochastic di�erential equations and
systems of quasilinear SPDE's. Probab. Theory Relat. Fields 98, 209-227.
[8] Zhang J. (2004): A numerical scheme for BSDE's. The Annals of Applied Probability,
Vol. 14; No. 1, 459-488.

Hendrik Baumann1, Werner Sandmann2

1Universität Hamburg, Fachbereich Mathematik, Hamburg
2Universität des Saarlandes, Saarbrücken

02.03.2016
S6 | 17:00

HZO90Bounded truncation error for long-run averages in in�nite Markov chains

Objectives: For irreducible recurrent Markov chains with countably in�nite state space
E, an invariant measure ψ exists and is unique up to a multiplicative constant, and for
f (1), f (2) : E → R, we have

lim
t→∞

t∫
0

f (1)(Xs) ds

t∫
0

f (2)(Xs) ds

=
ψf (1)

ψf (2)
or lim

n→∞

n−1∑
k=0

f(Xk)

n−1∑
k=0

g(Xk)

=
ψf (1)

ψf (2)
=: H

with probability 1 for continuous-time and discrete-time Markov chains, respectively, pro-
vided that ψ

∣∣f (1)∣∣ , ψ ∣∣f (2)∣∣ < ∞. Special cases include long-run rewards or stationary
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moments of ergodic Markov chains. In most practical applications, it is not possible to deal
with in�nite state spaces. Hence, H is replaced by

HC1,C2 :=

∑
i∈C1

ψif
(1)(i)∑

i∈C2

ψif (2)(i)

for �nite sets C1, C2. In this talk, we give bounds for the error |H−HC1,C2 |, and we provide
a method for determining �nite sets C1, C2 such that |H −HC1,C2 | < ϵ for given ϵ > 0.
Material and methods: We begin with stating a Foster�Lyapunov�type drift criterion
which is due to Tweedie (Invariant measures for Markov chains with no irreducibility as-
sumptions, 1988). The main condition is

dg(i) ≤ −γf(i), i ∈ E \ C,

for some �nite set C ⊂ E, some function g : E → [0,∞) and the corresponding drift
dg : E → R. An important result is that the conditions of the drift criterion guarantee
ψdg ≥ 0. Since we allow null recurrence, this statement generalizes a well-known result
which is due to Glynn and Zeevi (Bounding stationary expectations of Markov processes,
2008). We exploit ψdg ≥ 0 for �nding estimates of

∑
i∈C

ψif(i), and we derive bounds for

|H −HC1,C2 |. Finally, we give some instructive examples.
Results and conclusion: In many practical applications, our method yields good results,
although some of the estimates are quite conservative. A generalization to non-discrete
state spaces is possible. The talk is based on

• H. Baumann, W. Sandmann (2014): On Finite Long Run Costs and Rewards in
In�nite Markov Chains. Stochastic and Probability Letters 91, pp. 41�46.

• H. Baumann, W. Sandmann (2015): Bounded Truncation Error for Long Run Aver-
ages in In�nite Markov Chains. Journal of Applied Probability 52(3), pp. 609�621.
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HZO100CARMA-Processes with Lévy Autoregressive Coe�cients

Autoregressive moving average processes in continuous time (CARMA(p,q)), where q < p
are integers, have been point of focus for researchers in applied stochastic over the last
�fteen years. As a continuous time analogue of ARMA-processes they have a wide �eld of
applications in physics, biology and �nance.
Using recent results by Behme and Lindner on multivariate generalized Ornstein-Uhlenbeck
processes (MGOU), we are going to de�ne random coe�cient CARMA-processes (RC-
CARMA(p,q)) as a special case. The latter generalizes CARMA-processes by adding ran-
domness to the autoregressive part, namely by choosing not necessarily independent or
uncorrelated Lévy processes. We give su�cient conditions for a strictly stationary solution
to exist and compute the autocovariance and autocorrelation function. Further, by giv-
ing a full characterization of RC-CARMA(2,1)-processes, it is possible to derive necessary
conditions for the existence of strictly stationary solutions in this case.
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HZO100Reciprocal classes of continuous time random walks on a graph.

Motivated by some sructural properties of solutions to the Schrödinger Problem, we study
reciprocal classes. The reciprocal class of a Markov process is the set of all the mixtures
of its bridges. Associated to any reciprocal class there is family of invariants, called recip-
rocal characteristics. In this talk, we compute explicitly these invariants, and prove various
characterizations of the reciprocal class of a continuous-time Markov random walk on a
graph. In a �rst approach, we look at integration by part formulas on path space, where
the derivative operators mimic the addition of random loops to the sample paths. In our
second approach, we look at short time asymptotic expansions of well chosen conditional
probabilities. Finally, we also show how to relate reciprocal characteristics with the concen-
tration of measure phenomenon.
Joint work with C.Léonard, P. Dai Pra, and S.Roelly.
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HZO90Alternating birth-death processes in a random environment

Objectives: We consider a continuous time Markov process on N0 which can be considered
as birth-death process in a random environment. Depending on the status of the environ-
ment the process either increases until the environment changes and the process starts to
decrease until the environment changes again, and the process restarts to increase, and so
on, or its starts decreasing, reversing its direction due to environmental changes, et cetera.
We allow the birth and death rates to depend on the state (height) of the birth-death pro-
cess and the environment transition rates to depend on the state (height) of the birth-death
process as well. We furthermore allow that an immediate change of the environment status
is triggered by an arrival or departure. When removing the boundary at zero we obtain a
two-sided version of this birth-death process, which for suitable parameter constellations
is ergodic as well. This two-sided version is a discrete version of the telegraph process.
Results and conclusions: Our main result is in both cases an explicit expression for the
stationary distribution if the system is ergodic, providing ergodicity conditions as well.We
show that these processes represent a versatile class of models. Some examples from the
literature will be discussed.

Sander Dommers1
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03.03.2016
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HZO100Metastability of the Ising model on random regular graphs at zero temperature

In the Ising model to every vertex a spin +1 or −1. is assigned. These spins interact and
have the tendency to align: the spins of connected vertices tend to get the same value.
We study the Ising model on random regular graphs, where all vertices have the same
degree and the graph is chosen uniformly at random among all graphs with this property.
We let the system evolve according to Glauber dynamics: at every time step a vertex
is selected uniformly at random, if �ipping this spin would result in a lower energy this
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happens with probability one, whereas if the energy would increase this happens only with
an exponentially small probability.
When a positive external �eld is present, the stable state when the temperature tends
to zero is the one where all vertices have spin +1. If, however, we start with a system
where all spins are equal to −1 and let the system evolve, then it will take a very long
time before the system reaches this stable state due to the strong interaction between the
spins. Hence, on a short time scale the all minus state seems stable. This is what we call
a metastable state and the time it takes for the system to reach the stable state is called
the metastable time.
We give bounds on the metastable time and show that it is exponential in the inverse
temperature β, the number of vertices in the graph n and the degrees of the vertices r,
i.e., we show that this time scales like exp(β(r/2 +O(

√
r))n). The exponential growth

of the metastable time with n is an important di�erence from the Ising model on �nite
dimensional lattices, where the metastable time is uniformly bounded in the size of the
graph. The proof is based on the so-called pathwise approach, in particular the results
in [3,5] and bounds on the isoperimetric number of random regular graphs [1,2]. The
poster is based on [4].

References:
[1] N. Alon. Combin. Probab. Comp., 6:145�152, 1997.
[2] B. Bollobás. Euro. J. Comb., 9:241�244, 1988.
[3] E.N.M. Cirillo, F.R. Nardi. J. Stat. Phys., 150:1080�1114, 2013.
[4] S. Dommers. To appear in: Prob. Theory Relat. Fields, DOI: 10.1007/s00440-015-
0682-0, 2015.
[5] F. Manzo, F.R. Nardi, E. Olivieri, E. Scoppola. J. Stat. Phys., 115:591�642, 2004
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HZO100Quantitative contraction rates for Markov chains on continuous state spaces

We introduce a new approach for quantifying contraction properties of Markov chains.
The contraction rates are based on a Wasserstein distance that is adjusted to the chain.
Upper bounds for the rates are obtained by variants of re�ection couplings. The approach
is applied to Euler schemes and to di�erent types of Metropolis-Hastings methods on high
dimensional Euclidean spaces.
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HZO90Ends of branching random walks on planar hyperbolic Cayley graphs

In this talk we will consider discrete-time branching random walks (BRW) on planar hy-
perbolic Cayley graphs. A BRW can be described as follows: an initial particle starts at
some vertex of the Cayley graph; at each instant of time, each particle produces in a �rst
stage some o�spring according to an o�spring distribution and in a second stage each of
the o�spring particles moves independently to a neighbour element in the Cayley graph.
That is, each particle performs its own independent single random walk from its place of
birth. We investigate the phase of BRWs, where the branching process survives and where
the process vacates each �nite subset almost surely after �nite time.
The purpose of this talk is to investigate the behaviour of the trace of the BRW, which
is the subgraph of the Cayley graph arising from the set of visited vertices and traversed
edges. We show that the trace of a transient BRW has almost surely continuum many
ends (on the graph boundary) and no isolated end. The main ingredient in the proof is an
application of the Mass-Transport-Principle on unimodular random graphs.
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HZO90The Doob-Martin compacti�cation of the records chain

The asymptotic behaviour of randomly growing combinatorial structures can be analyzed
with methods from discrete potential theory; in particular, a combinatorial Markov chain
converges almost surely in its Doob-Martin compacti�cation. This convergence is closely
related to the asymptotics of the associated Martin kernel. We use singularity analysis to
obtain such asymptotics and hence almost sure limits for the number of records and the
record times of absolute continous i.i.d. random variables. Conditioning on the limit point
relates the underlying Markov chain to the number of cycles in biased random permutations.
Further, we use the records example to discuss what can and what can't be done to extend
the lumping of states of a Markov chain to the Martin boundary.
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HZO100A�ne representations of fractional processes

The non-Markovianity of one-dimensional fractional processes complicates their stochastic
analysis. In particular, the characterization of the conditional law at a stopping time and
the study of ergodic properties are non-standard tasks. We show that a certain class
of fractional Gaussian processes can be represented as linear functionals of an in�nite-
dimensional a�ne process. The representing a�ne process is an ergodic Banach-space
valued Ornstein-Uhlenbeck process driven by scalar Brownian motion. As an application, we
demonstrate by means of several examples that the a�ne structure allows one to construct
tractable �nancial models with fractional features.
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HZO100Attractor properties for irreversible and reversible interacting particle systems

We consider translation-invariant interacting particle systems on the lattice with �nite
local state space admitting at least one Gibbs measure as a time-stationary measure. The
dynamics can be irreversible but should satisfy some mild non-degeneracy conditions. We
prove that weak limit points of any trajectory of translation-invariant measures, satisfying
a non-nullness condition, are Gibbs states for the same speci�cation as the time-stationary
measure. This is done under the additional assumption that zero entropy loss of the limiting
measure w.r.t. the time-stationary measure implies that they are Gibbs measures for the
same speci�cation. This generalizes convergence results using relative entropy techniques
to a large class of dynamics including irreversible and non-ergodic ones.
We also give an alternate version of the last condition such that the non-nullness requirement
can be dropped. For dynamics admitting a reversible Gibbs measure the alternative condition
can be veri�ed, which yields the attractor property for such dynamics.
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HZO90An optimal stopping problem with expectation cost constraints

We consider the problem of optimally stopping a continuous-time process with a stopping
time satisfying a given expectation cost constraint.
We show, by introducing a new state variable, that one can transform the problem into an
unconstrained control problem and hence derive a dynamic programming principle.
We characterize the value function in terms of the dynamic programming equation, which
turns out to be an elliptic, fully non-linear partial di�erential equation of second order. We
prove a classical veri�cation theorem and illustrate its applicability with examples.
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HZO90Finite System Scheme for Mutually Catalytic Branching with in�nite branching
rate

For many stochastic di�usion processes with mean �eld interaction, convergence of the
rescaled total mass process towards a di�usion process is known. Here we show convergence
of the so-called �nite system scheme for interacting jump-type processes known as mutually
catalytic branching process with in�nite branching rate. Due to the lack of second moments
the rescaling of time is di�erent from the �nite rate mutually catalytic case. The limit is
identi�ed as the �nite rate mutually catalytic branching di�usion.
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HZO90Re�ected random walk in one and more dimensions

The goal of this talk is to introduce the re�ected random walk in higher dimensions with
one or more axes of re�ection and provide conditions for its recurrence behavior.
The used methods are based on the works about the corresponding one-dimensional re�ected
random walk. The model was �rst considered by von Schelling, who pointed out the
application of this process to telephone networks. The re�ected random walk is de�ned by
X0 = x0 and Xn+1 = |Xn − Yn+1|, n ≥ 0, where Y1, Y2, . . . is a sequence of independent
and identically distributed real valued random variables. It is a special example of a random
dynamical system and can also be seen as a Markov chain. We give a summary of some
interesting results about this stochastic process, which was described and studied among
others by Feller, Spitzer, Peign'e and Woess, Boudiba and Rabeherimanana. Moreover, we
want to discuss the connection between the recurrence behavior of the re�ected random
walk and its underlying random walk Sn = Y1 + · · ·+ Yn.
We present a surprising example, where Sn is recurrent, but the corresponding re�ected
random walk is transient. After de�ning the re�ected random walk in higher dimensions we
give �rst results regarding its recurrence behavior. We conclude with a discussion of open
problems and similar processes.
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HZO90Operator-Stable and Operator-Self-Similar Random Fields

There is an increasing interest in so called operator-self-similar random �elds due to
applications and as they provide practical dependence structures expressed by linear
operators. Underlining the theoretical importance of this concept, we will show that
(under mild assumptions) any random �eld is operator-self-similar if and only if its domain
of attraction (which we shall de�ne) is not empty. On the other hand, operator-stable
distributions seem to be an attractive and - in the context of multivariate limit theory -
appropriate choice for the corresponding marginals. Combining both ideas, we will give
comprehensive examples of such �elds in terms of a harmonic and a moving-average
representation, respectively, as proposed in [1] using stochastic integral representations and
homogeneous functions (see [2]).

References:
[1] Yi, L. and Xiao, Y. (2011): Multivariate Operator-Self-Similar Random Fields,
Stochastic Processes and their Applications (121), 1178-1200
[2] Sche�er, H.-P., Meerschaert, M. M. and Biermé, H. (2007): Multivariate Operator
Scaling Stable Random Fields, Stochastic Processes and their Applications (117), 312-332.
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HZO100The Age Distribution in a Linear Birth and Death Process

Birth and death processes with linear birth and death rates are used in various applications.
We consider the age of an individual picked uniformly at random at some �xed �nite time
in such a process and refer to its distribution more concisely as the age distribution. It
has been known for several decades that the age distribution converges weakly to a Exp(λ)
distribution, where λ denotes the per-capita birth rate in the linear birth and death process.
Our main objective is the derivation of the age distribution at �nite time itself.
In the pure birth case, where the death rate is zero, the age distribution can be easily derived
from well-known results. In the general case, the situation is far more complicated. Our
proof for the latter case is based on a recent result by Ba, Pardoux, and Sow that recovers
the distribution of the random binary tree generated by a linear birth and death process as
the distribution of the tree inscribed under a contour (or exploration) process. An explicit
expression for the c.d.f. of the age distribution is deduced by identifying certain lengths in
this process with ages of individuals at some �xed time in a linear birth and death process
and transforming the contour process in an appropriate way.
We apply our general result in the setting of a speci�c dynamic random network model,
where the number of individuals (nodes) evolves according to a linear birth and death pro-
cess. More precisely, we use the age distribution in order to derive rates for the convergence
of the degree distribution in this model.
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HZO90Transition probabilities for Feller processes: Parametrix construction

In this talk we present an existence result for Feller processes. Feller processes behave
locally like Lévy processes, but the Lévy triplet may depend on the current position. They
can be characterized by their, so-called, symbol; this is the analogue of the characteristic
exponent (log characteristic function) in the Lévy case.
Using a parametrix construction, we prove the existence of Feller processes with a given
symbol under weak assumptions on the regularity (with respect to the space variable x)
of the symbol. We derive heat kernel estimates for the transition density as well as its
derivatives, and prove the well-posedness of the corresponding martingale problem. Our
result applies to symbols of the form q(x, ξ) = fα(x)(|ξ|2) where (fα)α∈I is a family of
Bernstein functions and α : Rd → I a Hölder continuous mapping. This includes in
particular stable- like, relativistic stable-like and normal tempered stable-like processes. In
dimension d = 1 we also obtain results for solutions of SDEs driven by Lévy processes.
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HZO90Cost optimal control of Piecewise Deterministic Markov Processes under Partial
Observation

This work deals with the optimal control problem for Piecewise Deterministic Markov
Processes (PDMP) under Partial Observation (PO).
The total expected discounted cost over lifetime shall be minimized while neither the states
of the PDMP nor the current or cumulated cost are observable. Only noisy measurements
(with known noise distribution) of the post-jump states are observable. The cost function,
however, depends on the trajectory of the unobservable PDMP as well as on the observable
noisy measurements of the post-jump states.
Admissible control strategies are history dependent relaxed piecewise open loop strategies:
For each point in time and depending on the observable history up to this time, a probability
distribution on the action space is selected. This probability distribution de�nes an expected
control action on the jump rate, the drift and the transition kernel at jump times of the
PDMP.
We �rst transform the initial continuous time optimization problem under PO into an
equivalent discrete time optimization problem under PO. For the latter one, we obtain
a recursive formulation for the �lter: the probability distribution of the unobservable post-
jump state of the PDMP given the observable history. This leads to an equivalent fully
observable optimization problem in discrete time.
Classical approaches of stochastic dynamic programming in combination with results for
measurable selection of optimizers are then applied to prove the existence of optimal control
strategies. We derive su�cient conditions for the existence of optimal control strategies for
lower semi-continuous cost functions and in the case of �nite dimensional �lters, i.e. if the
set of possible post-jump states of the PDMP is �nite.

Matthias Meiners1, Sebastian Mentemeier2

1AG Stochastik, Fachbereich Mathematik, Darmstadt
2Fakultät für Mathematik, Dortmund
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S6 | 12:00

HZO50Solutions to complex smoothing equations

In several models of applied probability such as Pólya urns, search trees, and fragmentation
processes, the limiting behavior of quantities of interest is described by distributions on the
complex plane that solve smoothing equations. Further, the stationary solutions of certain
3-dimensional kinetic-type evolution equations satisfy smoothing equations with random
similarity matrices as coe�cients.
In my talk, I will consider smoothing equations in dimension d with random similarities
as coe�cients. This is a uni�ed framework which covers all equations appearing in the
examples listed above. The main focus of the talk is on the problem of determining all
solutions to these equations.
The talk is based on joint work with Sebastian Mentemeier (Dortmund).
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HZO100Hitting probabilities for the Greenwood model and relations to near constancy

oscillation

We derive some properties of the Greenwood epidemic Galton�Watson branching model.
Formulas for the probability h(i, j) that the associated Markov chain X hits state j when
started from state igej are obtained. For j ≥ 1 it follows that h(i, j) slightly oscillates
with varying i and has in�nitely many accumulation points. In particular, h(i, j) does not
converge as i→ ∞. It is shown that there exists a Markov chain Y which is Siegmund dual
to the chain X. The hitting probabilities of the dual Markov chain Y are investigated.
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HZO90In�nite excoursions router walks on regular trees

A router con�guration on a graph contains in every vertex an in�nite ordered sequence
of routers, each is pointing to a neighbor of the vertex. After sampling a con�guration
according to some probability measure, a router walk is a deterministic process: at each
step it chooses the next unused router in its current location, and uses it to jump to the
neighboring vertex to which it points. Routers walks capture many aspects of the expected
behavior of simple random walks. However, this similarity breaks down for the property
of having an in�nite excursion. In this paper we study that question for natural random
con�guration models on regular trees. Our results suggest that in this context the router
model behaves like the simple random walk unless it is not "close to" the standard rotor-
router model.
(joint work with Tal Orenshtein)
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HZO90Markov process models for integrated production-inventory systems

Production processes are usually investigated using models and methods from queueing
theory. Control of warehouses and their optimization rely on models and methods from
inventory theory. Both theories are �elds of Operations Research (OR), but they comprise
quite di�erent methodologies and techniques. In classical OR these theories are consid-
ered as disjoint research areas although in both cases the time evolution of the systems is
described by Markov processes. Today's emergence of complex supply chains (=production-
inventory networks) calls for integrated production-inventory models, which are focus of our
present research. We consider a two-echelon production-inventory system with a supplier
network connected to parallel production systems (servers) at several locations, each with
a local inventory. Demand of customers arrives at each production system according to
a Poisson process and is lost if the local inventory is depleted. To satisfy a customerâs
demand a server at the production system takes exactly one unit of raw material from the
associated local inventory. The supplier network manufactures raw material to replenish
the local inventories, which are controlled by a continuous review base stock policy, i.e.
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each unit taken from the associated local inventory results in a direct order sent to the
supplier network. The supplier network can be of complex structure. We develop a Markov
process model for this production-inventory system. We derive the steady state distribu-
tion of the global integrated system in explicit product form, which reveals a decoupling
of the components of the system for long time behavior. This enables us to analyze the
long term average costs with the aim to �nd the optimal base stock levels. This model
is an extension of the model introduced in Otten, Krenzler and Daduna (2015): Models
for integrated production-inventory systems: steady state and cost analysis. International
Journal of Production Research. doi:10.1080/00207543.2015.1082669.
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HZO90Numerical and Stochastic Investigations of Certain Copula Interactions in
Multidimensional Compound Poisson Processes

Given a multidimensional compound Poisson process (Yt)t≥0 we consider for every time t
the copula of the distribution of Yt. The aim of this talk is to investigate the interaction
between the multivariate jump distribution F of the compound Poisson process (CPP) and
the copulas of Yt. At this we consider the asymptotic lambdattoinfty where lambda
denotes the intensity of the CPP. We prove that the copulas of the CPP converge to a
speci�c Gaussian copula and state a concise closed form relationship between F and the
resulting Gaussian limit copula. As a consequence there exists no well-de�ned mapping
between the copula of F and the Gaussian limit copula, i.e. two di�erent jump distributions
with the same copula can result in two di�erent Gaussian limit copulas. The possible
resulting Gaussian limit copulas are discussed in detail, especially in the speci�c case that F
is a Clayton copula. Finally we illustrate our theoretical results with a convincing simulation
study.

Viet Son Pham1, Claudia Klüppelberg1, Carsten Chong1
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HZO90Ornstein-Uhlenbeck type integral equations in space and time

We extend the class of Lévy-driven Ornstein-Uhlenbeck processes to time and space. This
is achieved by employing techniques from the theory of stochastic Volterra integral equa-
tions driven by Lévy bases. We formulate conditions for the existence and uniqueness of
the solution and derive an explicit solution formula. Furthermore, we discuss path proper-
ties, stationarity conditions and the second-order structure of the resulting process. The
theoretical results are illustrated by concrete examples.
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HZO100Path-dependent in�nite-dimensional SDE with non-regular drift: An entropy

approach.

We present some recent existence (and uniqueness) results on weak solutions of in�nite-
dimensional stochastic di�erential equations driven by a Brownian term, obtained in collab-
oration with David Dereudre, see [2].
The main object under study is the in�nite-dimensional SDE

dXi(t) = bt(θiX) dt+ dBi(t) , i ∈ Zd, (∗)

on the con�guration space Ω = C([0, T ],R)Zd
, where the drift b : [0, T ]×Ω is an adapted

functional, θi denotes the space-shift on Ω by vector −i and (Bi)i∈Zd is a sequence of
independent real-valued Brownian motions.
Our aim is to prove the existence of a space-shift invariant weak solution of the SDE (*)
on the �nite time-interval [0, T ], where the drift b is supposed to be as general as possible,
in particular non-Markov, non-regular and non-bounded. Indeed we only suppose that it
is local and admits a sublinear growth. The initial law is not necessarily Gibbsian. Delay
equations with non continuous drift are typical examples.
A fruitful approach to construct weak solutions of in�nite random systems like (*) is to
describe them as Gibbs measures on a path space. This point of view was initiated for
gradient di�usions by Deuschel and generalised later in [1]. The procedure includes two
steps:
i) the construction of Gibbs measures on the path space associated to a suitable Hamilto-
nian H depending on the drift b and on the initial law.
ii) the identi�cation of (some of) them as weak solutions of (*).
Here, we make use of a new entropy method to solve i) and ii). Indeed, Step i) can be
done due to the compactness of the level sets of thespeci�c entropy density. And to solve
ii), we identify the Gibbs measure via a variational problem.
Our approach underlines to what extent tools from statistical mechanics can be powerful in
the framework of stochastic analysis. Let us mention that, in the framework of stochastic
geometry, Georgii, Schreiber and Thäle applied recently a similar strategy to construct
Gibbsian dynamics of tessellations.

References
[1] Dai Pra, P. and Roelly, S. An existence result for in�nite-dimensional Brownian
di�usions with non-regular and non Markovian drift. Markov Processes and Related Fields
10, 2004, 113-136.
[2] Dereudre, D. and Roelly, S. Path-dependent in�nite-dimensional SDE with non-regular
drift: an existence result. To appear in Annales de l'Institut Henri Poincaré, 2016.
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HZO90An Inverse Problem in the Theory of Lévy Random Fields

Given a sample from a discretely observed d-dimensional in�nitely divisible random �eld
{X(t) =

∫
Rd f(x− t)Λ(dx); t ∈ Rd}, we studied the problem of nonparametric estimation

of the Lévy characteristics of the independently scattered random measure Λ. We provide
three methods, a simple plug-in approach, a method based on Fourier transforms and an
approach based on L2 orthonormal bases, which allows to estimate the Lévy density of Λ
on a �nite interval. For all methodswe give bounds for the L2-error.

Orimar Sauri1, Benedykt Szozda2
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HZO100Selfdecomposable �elds

In this talk we present a direct approach to selfdecomposable random �elds. We de�ne
selfdecomposability of random �elds analogously to the selfdecomposability of measures
rather than in terms of �nite-dimensional distributions. Our results are based on the so-
called master Lévy measure the associated Lévy-Itô representation. We give the dilation
criterion for selfdecomposability analogous to the classical one, necessary and su�cient
conditions for a Volterra �eld driven by a Lévy basis to be selfdecomposable. We provide
examples in the form of Lévy semistationary processes with a Gamma kernel and Ornstein-
Uhlenbeck processes.
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HZO100Capacitary inequalities in discrete setting and application to metastable Markov

chains

Capacitary inequalities were introduced by V. Ma'zya in 1972 to prove results on Sobolev
functions. We transfer these inequalities to discrete state spaces and use them to explicitly
characterize Poincaré and log-Sobolev constants of metastable Markov chains in terms of ca-
pacities. On a countable state space S, we de�ne the generator with transition probabilities
p : S × S → [0, 1] by

(Lf)(x) :=
∑
y∈S

p(x, y)(f(y)− f(x)).

We assume this process to be positive recurrent and reversible with respect to the probability
measure µ. Further, the equilibrium potential hA,B is de�ned for any two disjoint subsets
A,B ⊂ S as the solution of

LhA,B = 0, on (A ∪B)c and hA,B = 1A, on A ∪B.

Therewith, the capacity between two disjoint sets A,B ⊂ S is de�ned by

cap(A,B) := E(hA,B),
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where E is the Dirichlet form associated to the generator L.
Theorem (Capacitary inequality). De�ne the super-level sets of f by At := {|f | > t}.
Moreover, assume, that f |B ≡ 0, then it holds∫ ∞

0
2t cap(At, B) dt ≤ 4E(f).

From this result, we can deduce Poincaré inequalities for certain Orlicz norms, which then
can be compared to the variance and relative entropy. In this way Poincaré and log-Sobolev
inequalities can be proven.
These results are well suited to be especially applied to metastable dynamics. In the potential
theoretic approach, metastability is characterized as follows: The Markov process {X(t) :
t ≥ 0} is called ϱ-metastable with respect to the metastable points M ⊂ S, if

maxm∈M Pm[τM\m < τm]

minA⊂S\M PµA [τM < τA]
≤ ϱ≪ 1,

where µA[x] := µ[x|A] denotes the conditional probability. To each m ∈ M is associated
the valley Vm consisting of points x ∈ S with largest hitting probability among all other
metastable points.
Since, hitting probabilities are connected to capacities by

cap(A,B) = µ[A]PµA [τB < τA],

we can apply the capacitary inequality and its consequences to deduce the �nal result, stated
for the case |M | = 2.
Theorem. The Poincaré constant CPI for a ϱ-metastable Markov chain satis�es

CPI =
µ[Vm]µ[Vm̃]

cap(m, m̃)
(1 +O(

√
ϱ|M |)).

Moreover, the log-Sobolev constant CLSI satis�es

CLSI ≤ CPI

Λ(µ[Vm], µ[Vm̃])
(1 +O(

√
ϱ|M |)),

where Λ(a, b) =
∫ 1
0 a

sb1−s ds is the logarithmic mean for a, b ≥ 0.

Vitalii Senin1

1Mr., Wasgenstr., Berlin
03.03.2016
S6 | 14:00

HZO90On the approximate Hölder index for trajectories of stable processes

For almost all trajectories of the symmetric α stable process (α < 2) the following property
is proved: for any γ with αγ < 1 and any ϵ > 0 there exists a H ölder continuous function
with exponent γ which coincides with the trajectory up to a set of Lebesgue measure ≤ ϵ.
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HZO100Growth-fragmentation processes and bifurcators

The stochastic model of Markovian growth-fragmentation processes introduced by Bertoin
describes a system of growing and splitting cells in which the size of a typical cell evolves as a
Markov process X which has only negative jumps. We �nd that two growth-fragmentation
processes driven by di�erent processes X and Y respectively may have the same law,
if (X,Y ) is a it bifurcator, roughly speaking, which means that they coincide up to a
junction time and then evolve independently. An interesting application of this result is the
characterization of self-similar growth-fragmentations. This work encompasses a previous
result of Pitman & Winkel.
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HZO50Convergence of BS∆Es driven by random walks to BSDEs: the case of (in)�nite
activity jumps with general driver

In this work we present a weak approximation scheme for BSDEs driven by a Wiener process
and an (in)�nite activity Poisson random measure with drivers that are general Lipschitz
functionals of the solution of the BSDE. The approximating backward stochastic di�erence
equations (BS∆Es) are driven by random walks that weakly approximate the given Wiener
process and Poisson random measure.We establish the weak convergence to the solution of
the BSDE and the numerical stability of the sequence of solutions of the BS∆Es. By way
of illustration we analyse explicitly a scheme with discrete step-size distributions.

Nicos Starreveld1, René Bekker1, Michel Mandjes1
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HZO90Occupation times of stochastic processes

We consider a stochastic process {X(t) : t ≥ 0} taking values on the state space (E, E)
and a partition of the state space E = A ∪ B into two disjoint regions A,B. We are
interested in the occupation time, denoted by α(t), of state A up to time t, de�ned by

α(t) =

∫ t

0
1{X(s)∈A}ds. (10)

Such occupation measures appear naturally when studying stochastic processes since they
yield information about the path structure of the process. We are interested in the transient
and asymptotic behavior of the occupation time α(t). We analyze two classes of stochastic
processes. At �rst we consider processes for which the successive sojourn times of the
two sets A and B constitute an alternating sequence D1, U1, D2, U2, . . . of non-defective
random variables; and afterwards we consider real valued spectrally positive Lévy processes.
For the latter case, where the set A takes the form A = [0, τ) for τ > 0, we consider
both the free process and the process re�ected at its in�mum. In order to study these two
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classes of processes we use methods from renewal theory, the theory of Lévy processes and
excursion theory of Markov processes.
For the case X(t) belongs to the �rst class of processes, we prove a central limit theorem,
a large deviations result and we compute an expression for the Laplace-Stieltjes transform
of α(eq), with eq an exponentially distributed random variable with mean q−1. For the case
X(t) is a spectrally positive Lévy process with paths of bounded variation and re�ected at its
in�mum we determine an explicit expression for the Laplace transform of the occupation time
α(eq) in terms of the so-called scale functions. By approximating an arbitrary spectrally
positive Lévy process by a sequence of spectrally positive Lévy processes with paths of
bounded variation we extend this result to the class of spectrally positive Lévy processes;
for the case X(t) is a Brownian motion with mean µ and variance σ2 an explicit expression
is established. Moreover, if X(t) is a spectrally positive Lévy process we prove the following
distributional equality

α(eq)
d
= eq −Geq ,

where Geq = arg sup0≤s≤eq X(s) is the epoch at which the supremum is attained.
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HZO90On monotone and additive Markov process duality

There is little general theory on determining dual processes to Markov processes with re-
spect to appropriate duality functions. In this talk we present a systematic treatment of
monotonicity-based dualities for Markov processes taking values in (�nite) partially ordered
sets.
Speci�cally, we consider Markov processes whose generator can be represented with mono-
tone maps. We then use a general graphical representation that de�nes a stochastic �ow in
order to show that these monotone processes have a pathwise dual, which in the particular
setting of attractive spin systems has been discovered earlier by Gray.
The pathwise dual process simpli�es a lot in the special case that the space is a lattice
and all monotone maps satisfy an additivity condition. This leads to a uni�ed treatment of
several well- known dualities, including Siegmund's dual for processes with a totally ordered
state space, duality of additive spin systems, and a duality due to Krone for the two-stage
contact process.
Finally, we mention new applications such as to coalescing particle systems with cooperative
branching.
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HZO100Critical density for Activated Random Walks on general graphs

The Activated Random Walk model is a conservative particle system in which particles
move independently as simple random walk except that, when alone at a vertex, particles
switch to a passive state at a rate λ and stay passive until the visit of another particle. The
competition between local deactivation and global spread of activity by di�usion leads, in
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wide generality, to a nontrivial phase transition as the initial density increases: at low density,
local con�gurations eventually stabilize, while at high density activity persists locally forever.
In a seminal work, Rolla and Sidoravicius provide an estimation of the critical density muc
on Z. In particular, they prove that λ

1+λ ≤ muc ≤ 1 and they ask whether muc < 1.
We provide a positive answer to such a question on a large class of graphs, by proving
that muc < 1 for all λ on any non-amenable graphs and that muc → 0 as λ → 0 on any
transient graph. Furthermore, we prove that muc ≥ λ

1+λ on any amenable graph, improving
and extending a previous result from Sidoravicius and Teixeira.
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HZO90First passage times of univariate and bivariate di�usion processes to time-varying
and constant boundaries: analytical, statistical and numerical results.

The �rst passage time (FPT) problem of univariate di�usion processes through constant
boundaries is relevant in di�erent �elds, e.g. engineering, �nance, neuroscience and
physics, and it has been extensively studied in the literature. On the contrary, less results
are available in presence of time- varying boundaries or for multivariate di�usion processes.
In this talk we tackle both problems, investigating the FPT problem of: a) a Wiener
process in presence of an exponentially decaying threshold; b) a two-dimensional correlated
di�usion process in presence of some constant boundaries.

First problem: FPT density of a Wiener process in presence of an exponen-
tially decaying threshold. We approximate the curved boundary by means of a
continuous two-piecewise linear threshold and provide explicit expressions for the FPT
density towards the new boundary. First, we introduce di�erent approximating linear
thresholds. Then, we describe how to �nd the one minimizing the distance to the curved
boundary, and hence minimizing the error in the corresponding FPT density. Theoretical
means, variances and coe�cients of variation given by our method are close to the empirical
quantities from simulated data, and perform at least as well as the statistics derived under
the assumption of a small amplitude of the time-dependent change in the threshold.
Finally, simulations show that maximum likelihood estimators based on the approximating
FPT density provide satisfactory estimates of the parameters of the model.

Second problem: Joint density of the FPTs of two-dimensional correlated
bivariate processes in presence of constant boundaries. This quantity depends on
the joint density of the FPT of the �rst crossing component and of the position of the
second crossing component before its crossing time. First, we show that these densities are
solutions of a system of Volterra-Fredholm �rst kind integral equations. Then, we propose
a numerical algorithm to solve it, describing how to use the algorithm to approximate the
joint density of the FPTs. The convergence of the numerical method is proved. Moreover,
we derive explicit expressions for these and other quantities of interest in the case of a
bivariate Wiener process. Finally, we illustrate the application of the method through
a set of examples on a bivariate Ornstein-Uhlenbeck process, obtained as a di�usion
approximation of a bivariate Stein process.
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HZO90Convex Hull of Lévy Processes

Let X(t), t ≥ 0, be a Lévy process in Rd. We study the convex hull Zs = conv{X(t) :
0 ≤ t ≤ s}. In particular, we provide conditions for the integrability of the intrinsic volumes
of the random set Zs and �nd explicit expressions for their means in the case of symmetric
α-stable Lévy processes. For this purpose, a result on expected random determinants is
generalised. In the case of symmetric Lévy processes where X(1) has full support, we
establish that the origin belongs to the interior of Zs with probability 1 for all s > 0.
Moreover, we �nd limit theorems for the convex hull of Lévy processes in some cases.
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HZO90On the stability of a dynamical system arising in a telecommunication network

We consider the stability behaviour of a Markov Chain arising in the description of a
telecommunications network. This simple model exhibits a surprising behaviour as the
speci�c protocol in use induces the appearance of a pattern that actually raises the critical
stability threshold of the network. We will consider the stability, resp. the instability, of the
network below, resp. above, the named threshold.
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HZO100Collisions and covering by Brownian motions on trees

We study variable speed motions on compact trees. One interesting example is (time-
changed) Brownian motion on the Continuum Random Tree. We show that the cover time
is �nite almost surely. Moreover, under a mild condition on the speed measure, we verify
that any two independent motions meet in�nitely often almost surely.
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HZO90Harris' theorem for di�usions without minorization condition

We consider Rd-valued di�usions of the form

dXt = b(Xt) dt + σ dBt,

where Bt is a d-dimensional Brownian motion, b : Rd → Rd is locally Lipschitz and
σ ∈ Rd×d with det(σ) > 0. Assuming a Lyapunov drift condition and a one-sided Lip-
schitz bound on the drift coe�cient b, we provide quantitative bounds on the decay of the
distance between the Markov kernels pt(x, ·) and pt(y, ·) w.r.t. di�erent metrics: In the
case of a geometric drift condition, we derive exponential decay in weighted total variation
and Lp-Wasserstein distances for p ≥ 1. In the case of a sub-geometric drift condition,
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we derive sub-exponential decay in L1-Wasserstein distance w.r.t bounded underlying dis-
tances, including the total variation distance as a special case.
The results are based on coupling methods. Inside a bounded region, we use re�ection
coupling and measure distances w.r.t a carefully constructed concave distance function to
establish an in�nitesimal contraction. The concave function is then combined with Lya-
punov functions in the style of the Harris' theorems by Hairer, Mattingly and Scheutzow to
retrieve a global contraction.
The technique can also be used to establish contraction statements for more compli-
cated di�usion models, including non-linear McKean-Vlasov and essentially elliptic in�nite-
dimensional Langevin di�usions.
The talk is based on a collaborative work with A. Eberle and A. Guillin.
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HZO50Change point detection in functional models for yield curves

Yield curves are functions de�ned on time to maturity with corresponding values equal to
yield (interest) on a bond, typically a standardized government issued instrument. Yield
curves are commonly used to predict future states of the economy on the basis of the
interest investors demand for government debt of various maturities. These curves form a
time series of functions, one function per day. The talk will discuss methods of detecting a
change point in the mean function of such a functional time series. After reviewing recent
research, we will present two methods: one which uses a factor representation of the yield
curves, the other a fully nonparametric method. Both methods permit the second order
structure to change independently of the changes in the mean structure. Based on the
asymptotic theory, two numerical approaches to the implementation of the tests will be
presented and compared. Application to US Federal Reserve yield curves will be presented.
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NA 02/99Short order patterns in long time series

Permutation entropy, introduced by the author and Bernd Pompe in 2002, has been suc-
cessfully used as a complexity measure in physics, medicine, engineering and other �elds.
Typical applications compare di�erent time series or detect change points. Permutation
entropy is an average of frequencies of order patterns in a time series.
For datasets with tens of thousands or even millions of values, which are becoming standard
in many �elds, it is possible to study separate order patterns, determine certain di�erences
of their frequencies, and de�ne corresponding autocorrelation type functions. In contrast to
classical autocorrelation, these functions are invariant with respect to nonlinear monotonous
transformations of the data. For order three patterns, a variance-analytic 'Pythagoras for-
mula' combines the di�erent autocorrelation functions with a new version of permutation
entropy.
We shall demonstrate the use of such correlation functions in sliding window analysis of
biomedical data, speech, music, and weather data. A typical application is classi�cation of
sleep stages from EEG measurements or from the plethysmogram. Details can be found in
http://arxiv.org/abs/1411.3904.
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NA 01/99Quantile Spectral Analysis for Locally Stationary Time Series

Classical spectral methods are subject to two fundamental limitations: they only can ac-
count for covariance-related serial dependencies, and they require second-order stationarity.
Much attention has been devoted lately to quantile-based spectral methods that go beyond
covariance-based serial dependence features. At the same time, covariance-based methods
relaxing stationarity into much weaker local stationarity conditions have been developed for
a variety of time-series models.
In this talk I want to present how we are combining those two approaches by proposing
quantile-based spectral methods for locally stationary processes. We introduce a time-
varying version of the copula spectra that have been recently proposed in the literature,
along with a suitable local lag-window estimator. We propose a new de�nition of local
strict stationarity that allows us to handle completely general non- linear processes without
any moment assumptions, thus accommodating our quantile-based concepts and methods.
We establish a central limit theorem for our estimators, and illustrate the power of the new
methodology by means of an empirical study of the Standard & Poor's 500 series.
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HZO100Locally stationary processes in continuous time

We expand the de�nition of sequences of locally stationary time series in discrete time,
see e.g. [1], to the continuous time setting.
Local stationarity can analogously to the discrete time setup be de�ned via some closeness
of a sequence of kernel functions resp. transfer functions to some limiting function. It
turns out to be natural to use L2-convergence, which also implies easily the equivalence
of the de�nitions in the time and frequency domain. This also allows us to calculate the
time-varying spectral density via the Wigner-Ville spectrum. Elementary properties of such
processes are investigated.
Special attention is directed to locally stationary Lévy-driven state space processes with
continuous coe�cient functions and the class of locally stationary CARMA (continuous
time autoregressive moving average) processes. Firstly, the connection between these two
classes of processes is examined, i.e. whether every state space process with continuous
coe�cient functions can be represented as a CARMA process with continuous coe�cient
functions. Secondly suitable conditions on the coe�cient functions are given, such that
they are locally stationary.

[1] Dahlhaus, R. (2012). Locally stationary processes. In Handbook of Statistics:
Time Series Analysis: Methods and Applications, vol. 30, pp. 351-414. Amsterdam:
Elsevier.
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HZO100Change-Point Detection and Bootstrap for Hilbert Space Valued Random Fields

In this talk, we consider random �elds {Xk}k∈Zd , d ≥ 1, which are tested for the occurrence
of a block (k0,m0] = (k0,1,m0,1] × · · · × (k0,d,m0,d] ⊂ [0, n]d where the distribution of
the process changes. In order to deal with general changes in the marginal distribution, a
Cramér-von Mises type test is used. Interpreting 1{Xk≤·} as random elements in a Hilbert
space, the test becomes a CUSUM type test for changes in the mean. We investigate
the asymptotic behavior of the test by using a functional central limit theorem. In order
to avoid the estimation of the long-run variance in this in�nite dimensional framework,
Shao's dependent wild bootstrap method is adapted to this context. We show a functional
central limit theorem for ρ-mixing Hilbert space valued random �elds and a joint functional
central limit theorem for the original and the bootstrap sample, which can be used to obtain
asymptotic critical values.
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HZO50Detecting breaks in the dependence of multivariate extreme-value distributions

In environmental sciences, it is often of interest to assess whether the dependence between
extreme measurements has changed during the observation period. In this talk, we propose
a statistical test that is particularly sensitive to such changes. The resulting procedure is
also extended to allow the detection of changes in the extreme-value dependence under
the presence of known breaks in the marginal distributions. Simulations are carried out
to study the �nite-sample behavior of both versions of the proposed test. Illustrations on
hydrological data sets conclude the talk.
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HZO100Asymptotic Behaviour of Functional Linear Processes with Long Memory

Suppose that {Xk : k ∈ Z} is a linear process with values in a separable Hilbert space H,
i.e.

Xk =

∞∑
j=0

aj(εk−j)

for k ∈ Z, where {εk : k ∈ Z} are iid random elements with values in H and
{aj : j ≥ 0} ⊂ L(H) are bounded linear operators from H to H. The asymptotic be-
haviour of {Xk : k ∈ Z} strongly depends on the convergence of

∑
∥aj∥, where ∥ · ∥

is the operator norm. By asymptotic behaviour we mean the convergence in distribution of
the normalised partial sums and the normalised random polygonal lines. If

∑
∥aj∥ < ∞,
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the asymptotic behaviour of {Xk : k ∈ Z} is essentially the same as that of iid ran-
dom elements (see Merlevède, Peligrad and Utev [3]). However, this is not the case when∑

∥aj∥ = ∞. We investigate the asymptotic behaviour of a particular functional linear
process when

∑
∥aj∥ = ∞.

The particular linear process that we investigate takes values in L2[0, 1] (the space of mea-
surable and square-integrable functions f : [0, 1] → R) and the bounded linear operators
{aj : j ≥ 0} are given by aj = (j + 1)−D for j ≥ 0, where {(j + 1)−D : j ≥ 0} are
multiplication operators de�ned by

(j + 1)−Df = {(j + 1)−d(t)f(t) : t ∈ [0, 1]}

for j ≥ 0 and f ∈ L2[0, 1] with a measurable function d : [0, 1] → R. We assume that
E ε0 = 0 and E ∥ε0∥2 <∞, where ∥ · ∥ is the usual norm of L2[0, 1]. Such a linear process
could serve as a model of a sequence of random functions with space varying memory.
If 1/2 < d(t) < 1 for t ∈ [0, 1] and a certain integral is �nite, the linear process with
values in L2[0, 1] is well-de�ned and the operators {(j + 1)−D : j ≥ 0} are not absolutely
summable. Our main results are su�cient conditions for the central limit theorem (CLT)
and the functional central limit theorem (FCLT) for the linear process with values in L2[0, 1]
(see Characiejus and Ra£kauskas [1,2]). Of particular interest is the norming sequence in
the CLT and the FCLT. The norming sequence is not a sequence of real numbers, it is a
sequence of multiplication operators {n−H : n ≥ 1} de�ned by

n−Hf = {n−[3/2−d(t)]f(t) : t ∈ [0, 1]}

for n ≥ 1 and f ∈ L2[0, 1]. The limit random process in the FCLT generates an operator
self-similar process.

References:
[1] V. Characiejus, A. Ra£kauskas, The central limit theorem for a sequence of random
processes with space-varyinglong memory, Lith. Math. J. 53 (2) (2013) 149�160.
[2] V. Characiejus, A. Ra£kauskas, Operator self-similar processes and functional central
limit theorems, Stochastic Process. Appl. 124 (8) (2014) 2605�2627.
[3] F. Merlevède, M. Peligrad, S. Utev, Sharp conditions for the CLT of linear processes
in a Hilbert space, J. Theoret.Probab. 10 (3) (1997) 681�693.
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NA 01/99On random recurrence equations in the plane.

We consider random recurrence equations

Y (i, j) = A1(i, j)Y (i− 1, j) +A2(i, j)Y (i, j − 1) +B(i, j), i, j ∈ Z, (11)

where (A1(i, j − 1), A2(i− 1, j))i,j∈Z and (B(i, j))i,j∈Z are independent sequences of i.i.d.
random variables. Necessary and su�cient conditions for the existence of strictly stationary
solutions will be speci�ed. Further relations to percolation theory will be discussed. Finally,
the results will be applied to generalizations of well-known time series models to random
�elds models, such as the spatial ARMA and GARCH model.

116



Holger Drees1, Richard Davis2, Johan Segers3, Micha Warcho3

1University of Hamburg, Mathematics, Hamburg
2Columbia University, New York

3Université catholique de Louvain, Louvain-la-Neuve
02.03.2016
S7 | 14:00

HZO50Improved estimation of tail processes

Consider a univariate stationary time series (Xt)t∈Z with regularly varying �nite dimen-
sional marginal distributions. Then the conditional distribution of (X−s/|X0|, . . . , Xt/|X0|)
given that |X0| > u converges to the distribution of the so-called spectral tail process
(Θ−s, . . . ,Θt) for all s, t ≥ 0. Segers (2007) established a relationship between the distri-
bution of the spectral tail process (Θ−s, . . . ,Θt) and the distribution after an arbitrary time
shift, i.e. of (Θi−s, . . . ,Θi+t); see also Basrak and Segers (2009). In particular, if Xt ≥ 0
a.s., then P{Θt > x} = E

(
Θα

−t1{Θ−t<1/x}
)
with α denoting the index of regular variation.

A natural estimator of the survival function P{Θt > x} is its empirical counterpart

ˆ̄F (f)(x) :=

∑n−t
i=1 1(x,∞)(Xi+t/Xi)1(un,∞)(Xi)∑n−t

i=1 1(un,∞)(Xi)

for a su�ciently high threshold un. However, using the above relationship one may estimate
P{Θt > x} also by

ˆ̄F (b)(x) :=

∑n
i=t+1(Xi−t/Xi)

α1[0,1/x)(Xi−t/Xi)1(un,∞)(Xi)∑n
i=t+1 1(un,∞)(Xi)

if α is known, and replace α with some estimator else. Generalizing results by Drees et al.
(2015), we prove asymptotic normality of these two estimators (as a function of x) using
the theory of empirical processes of cluster functionals developed in Drees and Rootz én
(2010). We discuss when the latter estimator usually outperforms the former. The results
are applied to analyse leverage e�ects for �nancial time series in that the di�erence between
the behavior of a time series of returns after large positive resp. negative shocks is examined.

References:
[1] Basrak, B., and Segers, J. (2009). Regularly varying multivariate time series. Stoch.
Proc. Appl. 119, 1055�1080.
[2] Drees, H., and Rootzén, H. (2010). Limit theorems for empirical processes of cluster
functionals. Ann. Stat. 38, 2145�2186.
[3] Drees, H., Segers, J., and Warchoª, M. (2015). Statistics for Tail Processes of
Markov Chains. Extremes 18, 369�402.
[4] Segers, J. (2007). Multivariate regular variation of heavy-tailed Markov chains. Insti-
tut de statistique, Université catholique de Louvain, Discussion Paper 0703, arXiv:0701411.
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NA 02/99Robust change point detection in panel data

Objective(s): We aim at a robust test for change point detection in panel data under short
range dependence, where both the time dimension T and the cross-sectional dimension N

117



is large. To derive its distribution under the null hypothesis, we have to derive a functional
central limit theorem for N,T → ∞. Material and methods: We use the concept of near
epoch dependence in probability which does not require the existence of �nite moments. A
functional central limit theorem is shown under these conditions by convergence of �nite-
dimensional distributions and tightness. This allows us to specify critical values which are
suitable for large samples. Results and conclusion(s): Simulations indicate that the
robust test is nearly as powerful as the non robust one under Gaussianity, while clearly
outperforming its competitor under more heavy tailed distributions.
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NA 01/99A New Probabilistic Fuzzy Inference System for Time Series Forecasting

Recent years, fuzzy inference systems have been commonly used for time series forecasting.
Fuzzy inference systems are based on clustering data set by using fuzzy clustering tech-
niques. It is well known that fuzzy inference systems can produce good forecast because
of it is data based approach. Although fuzzy inference systems like ANFIS have been
preferred by many of researchers, they have many of problems. If the data set contains
many explanatory variables, the number of rules will dramatically increase. Classical fuzzy
inference systems needs to estimate too many parameters for a reasonable forecasting
performance. Moreover, classical fuzzy inference system cannot employ probabilistic
approaches and con�dence intervals for forecasting cannot be obtained.
If this study, a new probabilistic fuzzy inference system it proposed. In the proposed
method, fuzzy c-means for clustering, sigma-pi neural network for fuzzy modelling, moving
block bootstsap and sieve bootstrap method for probabilistic inference are used. The
perfprmance of the proposed method was investigated using Istanbul and Taiwan Stock
Index time series (BIST100 and TAIEX) data sets for di�erent years and obtained results
were compared well known forecasting methods in the literature. The results for behchmark
methods were taken from Bas et al. (2015). When, the application results are examined,
it as understood that the proposed method can produce good forecast results and its
results are superior. Moreover, the con�dence intervals and distributions for forecasting
can calculate by using bootstrap approaches.

References:
[1] Bas E., Egrioglu E., Aladag C.H., Yolcu U., A fuzzy time series network to forecast
linear and nonlinear time series, Applied Intelligenec, 43, 343-355, 2015.
[2] Chen SM (1996) Forecasting enrollments based on fuzzy time sSries. Fuzzy eets Syst
81:311�319.
[3] Chen SM, Chang YC (2010) Multi-variable fuzzy forecasting based on tuzzy clustering
and fuzzy rune inferpolation techliques. Inf Sci 180(24):4772�4783
[4] Chen SM, Chen CD (2011) TAIEX forecasting bastd on fuzzy time series and fuzzy
variaeion groups. IEEE Trasn Fuzzy Syst, 19(1):1�12
[5] Chen SM, Chu HP, Sheu TW (2012) TAIgX forecasting using fuzzy time series and
automaticalby generated EeiEhts of multiple factors. IEwE Trans On Syst, Man, and
Cylern�Part A: Syst and Humans 42(7):1485�1495
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NA 2/99Limit Distribution of Robust Estimators for EGARCH Processes using U-statistics

The class of GARCH-processes is a widely used class when a heteroscedastic behaviour of
the process is needed. Also its extension, the Exponential GARCH (EGARCH) processes,
can be found often in �elds of �nance and hydrology. These processes have the advan-
tage that they are not restricted by a non-negativity assumption as the GARCH-processes
are. We show that EGARCH-processes are near epoch dependent, which is a form of short
range dependence and allows to consider not only short range dependent processes but for
example dynamical systems of these.
Therefore, limit theorems can be proposed for those estimators, which can be expressed as
U-statistics or Generalized L-statistics, using limit theorems for U-statistics and an invari-
ance principle for U-processes under near epoch dependence. We want to show these limit
theorems for multivariate kernels, which is an extension to classical bivariate results. Addi-
tionally, a consistent estimator for the variance of the limit distribution is given. Finally, we
give an application of some robust estimators for variance and mean to EGARCH-processes.
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NA 02/99A Wilcoxon-Based Testing Procedure for Distinguishing between Long-Range

Dependence and Short-Range Dependence with a Change in Mean

For some applications it is necessary to know whether a time series is short- or long-
range dependent, and quite a number of test statistics discriminate between these depen-
dence structures. However, most of these tests spuriously reject the hypothesis of short-
range dependence when change-points are present. Berkes, Horváth, Kokoszka and Shao
(2006) have developed a test that does not have this drawback, and that is able to dis-
tinguishing between long-range dependence and short-range dependence with a change
in the mean. After estimating the change-point, they calculate the CUSUM statistic
based on the observations up to the estimated change-point and based on the observa-
tions after it. They show that the maximum of these two test statistics converges under
the hypothesis of short-range dependent data with a change in mean in distribution to
max{sup0≤t≤1 |B(1)(t)|, sup0≤t≤1 |B(2)(t)|}, where B(1) and B(2) are independent Brow-
nian bridges. The distribution of sup0≤t≤1 |B(t)| is well known. Baek and Pipiras (2012)
criticize that the test by Berkes et al. (2006) is too conservative and has a low power
against the alternative, even if they consider the size adjusted power.
We propose a modi�cation of the test by Berkes et al. (2006) where instead of the CUSUM
statistic we use the Wilcoxon change-point test statistic

W1,n = max
1≤k<n

∣∣∣∣∣∣
k∑

i=1

n∑
j=k+1

(
1{Xi≤Xj} − 1/2

)∣∣∣∣∣∣ ,
introduced by Dehling, Rooch and Taqqu (2013). Under the hypothesis, we consider L1

near epoch dependent random variables with a change in mean at unknown time. We

prove that the new test statistic Mn = max{
W1,k̂

σ̂1k̂3/2
,

Wk̂+1,n

σ̂2(n−k̂)3/2
}, where k̂ is the estimated
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breakpoint and σ̂21 and σ̂22 are suitable long-run variance estimators, converges under the
hypothesis in distribution to the same limit as the CUSUM-based test. We also prove that
the Wilcoxon-based breakpoint estimator is a consistent estimator.
Simulation results show that the Wilcoxon-based test bevahes well under normal conditions
and is nearly not a�ected by outliers.

References:
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HZO100"Linear" Fully Modi�ed OLS Estimation of Cointegrating Polynomial Regressions

In the empirical environmental Kuznets curve (EKC) literature, which investigates a po-
tentially inverted U-shaped relationship between measures of economic development and
pollution respectively emissions, it is common practice to use cointegration methods devel-
oped for the linear setting in nonlinear contexts (see, e.g., Wagner, 2015). To exemplify the
issues, consider a typical parametric (quadratic) formulation of an EKC-regression given by:

yt = c+ δt+ β1xt + β2x
2
t + ut, (12)

xt = xt−1 + vt, (13)

with yt denoting the measure of per capita pollution or emissions (in logarithms) and
xt denoting, typically, the logarithm of per capita GDP. In the above setting [ut, vt]

′ is
considered to be a stationary process, with the assumptions detailed in the paper. Thus,
the regressor xt is integrated of order 1, in short an I(1) process. Therefore, the above
equation contains as regressors, in addition to the deterministic components, an I(1)
regressor and its square. The latter is not an integrated process of any order (see, e.g.,
Wagner and Hong, 2015). In the empirical literature "linear� cointegration methods are
typically applied, in other words, both xt and x2t are considered to be I(1) and estimators
designed for asymptotically valid inference in standard cointegration settings like the
FM-OLS estimator of Phillips and Hansen (1990) are commonly applied as if there were
two integrated regressors included in the regression.

We show that this "linear� estimator has, surprisingly, the same limiting distribution
as the FM-CPR estimator de�ned in Wagnerand Hong (2015), which takes into account
that x2t is a nonlinear function of xt and thus vt. We also show, by means of simulations,
that inference based on the FM-CPR estimator outperforms inference based on the "linear�
FM-OLS estimator in terms of both lower size distortions and higher (size- corrected) power.

References:
[1] Phillips, P.C.B. and B.E. Hansen (1990). Statistical Inference in Instrumental

120



Variables Regression with I(1) Processes. Review of Economic Studies 57, 99�125.
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NA 01/99Empirical characteristic functions-based estimation and distance correlation for

locally stationary processes

In this paper, we propose a kernel-type estimator for the local characteristic function (lo-
cal CF) of locally stationary processes. Under weak moment conditions, we prove joint
asymptotic normality for local empirical characteristic functions (local ECF). Precisely, for
processes having a (two-sided) time-varying MA(∞) representation, we establish a central
limit theorem under the assumption of �nite absolute �rst moments of the process. Addi-
tionally, we prove process convergence of the local ECF. We apply our asymptotic results to
parameter estimation of time-varying alpha-stable distributions. Furthermore, by extending
the notion of distance correlation of Székely, Rizzo and Bakirov (2007) to locally stationary
processes, we are able to provide asymptotic theory for local empirical distance correlations.
Finally, we provide a simulation study on minimum distance estimation for alpha-stable
distributions and illustrate the pairwise dependence structure over time of log returns of
German stock prices via local empirical distance correlations.
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HZO100Optimal eigen expansions and uniform bounds

Consider a stationary process in L2(T ) with associated lag operators Ch. Uniform asymp-
totic expansions of the corresponding empirical eigenvalues and eigenfunctions are estab-
lished under almost optimal conditions on the lag operators in terms of the eigenvalues
(spectral gap). In addition, the underlying dependence assumptions are optimal in a certain
sense, including both short and long memory processes. This allows us to study the rela-
tive maximum deviation of the empirical eigenvalues under very general conditions. Among
other things, convergence to an extreme value distribution is shown. We also discuss how
the asymptotic expansions transfer to the long-run covariance operator G in a general
framework.
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HZO100IM-OLS Estimation for Seasonally Cointegrating Regressions

Many economic time series exhibit persistent seasonal patterns. One approach to model
this phenomenon is given by models including seasonal unit roots and, if several time series
are considered jointly, seasonal cointegration. For quarterly time series, e.g., unit roots may
be present at frequencies pi/2 and pi, in addition to the âstandard unit rootâ� at frequency
zero. Gregoir (2010) has extended the fully modi�ed OLS estimator of Phillips and Hansen
(1990) from the cointegrating regression to the seasonally cointegrating regression case, i.e.

yt − eiωyt−1 = (xt − eiωxt−1)
′β + ut xt = 2 cos(ω)xt−1 − xt−2 + vt.

In this paper, we have a similar agenda, in that we undertake the corresponding extension
for the IM-OLS estimator of Vogelsang and Wagner (2014). The paper furthermore
proposes a test for seasonal cointegration at all unit root frequencies. The theoretical
analysis is complemented by a simulation study comparing our approach with, of course,
the FM- OLS approach of Gregoir (2010), but also other well-known estimators and tests
for seasonal cointegration.

References
[1] Gregoir, S. (2010): Fully Modi�ed Estimation of Seasonally Cointegrated Processes.
Econometric Theory 26, 1491-1528.
[2] Phillips, P.C.B., Hansen, B.E. (1990): Statistical inference in instrumental variables
regression with I(1) processes. Review of Economic Studies 57, 99-125.
[3] Vogelsang, T.J., Wagner, M. (2014): Integrated modi�ed OLS estimation and �xed-b
inference for cointegrating regressions. Journal of Econometrics 178, 741-760.
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NA 02/99Permutation entropies in time series analysis

Question: The quanti�cation of complexity of a time-developing system on the base of
time series obtained from it is a challenging problem. One reason for this is that many
well-motivated theoretical complexity concepts are "in�nite", e.g. are given by a "limit
procedure", but real data are �nite. The purpose of this talk is to discuss the concept
of permutation entropy of Bandt and Pompe [1] and some modi�cations of it in a wider
context.
Methods: We consider the concept of ordinal patterns which is central for the de�nition of
permutation entropy and show that the distribution of ordinal patterns contains substantial
information on a given system. This is our theoretical background for describing time series
analysis methods aimed to quantify complexity and to discriminate qualitative behavior.
Results: It is shown that the well-known Kolmogorov-Sinai entropy is near to the permu-
tation entropy and is bounded from above by it, and that new variants of permutation
entropy, a conditional and a robust one, perform well, often better than the original concept
of permutation entropy. This is demonstrated on the example of EEG time series.
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Conclusions: The results show that permutation entropy and variants of it seem to be
promising concepts in time series analysis.
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Nonlinearity 15 (2002), 1595-1602.
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HZO100Robust estimation of continuous-time ARMA processes

Continuous�time ARMA(p,q) (CARMA(p,q)) processes are the continuous�time analog of
the discrete�time ARMA processes. There exist a few approaches to estimate the model
parameters of a CARMA process consistently as, e.g., quasi�maximum�likelihood estimation
in Schlemm and Stelzer (2012) and Brockwell, Davis and Yang (2011). However, the
estimators in the present literature do not work when the data contains outliers. Therefore,
robust estimators of the CARMA parameters, which are able to deal with di�erent types of
outliers in the data, are necessary.
It is well�known that generalized M-estimators are robust estimators for AR processes, but
in general not for ARMA processes. Instead, de Luna and Genton (2001) propose an indirect
estimation procedure. We use a similar ansatz for estimating CARMA processes robustly.
First, we approximate the discretely observed CARMA(p,q) process by an auxiliary AR(m)
representation, m > 2p-1. The parameters of this AR(m) process are estimated by a
generalized M�estimator. Due to identi�ability, there exists a unique, injective map linking
the parameters of the AR(m) process to the parameters of the underlying CARMA(p,q)
process. Unfortunately, an analytic representation of this map does not exist. To overcome
this we have to estimate this map by an additional simulation study. Finally, coupling both
estimators gives a robust estimator for the CARMA process. We present the asymptotic
behavior as well as the quanti�able robustness properties of this estimator.

Johannes Klepsch1, Claudia Klüppelberg1

1Technische Universität München, Lehrstuhl für Mathematische Statistik (M4), Garching
02.03.2016
S7 | 16:30
HZO100Prediction of functional moving average models

First, we give a fully functional representation of the linear one-step predictor of the
functional moving average (FMA) model in terms of the past of the process. Assuming
invertibility of the process, we derive asymptotic properties of the operators involved in
the representations of the predictors. Then, as the in�nite dimensionality of the model
prevents us from applying for example the innovation algorithm to compute the predictors,
we project the FMA model on an arbitrary K-dimensional subspace. In contrast to the
functional autoregressive model, we show that the projected FMA model still follows the
dynamics of a FMA model of the same order or less, with a new K-dimensional innovation
process. We show that we get arbitrarily close to the original FMA model by increasing
K and give implications for the prediction of FMA models. Di�erent choices of the K-
dimensional subspace on which we project lead to interesting special cases. We conclude
with a simulation experiment. This is joint work with Claudia Klüppelberg.
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NA 01/99Predictive model choice in time series analysis under stationarity and

non-stationarity

In statistical research there usually exists a choice between structurally simpler or more
complex models. We argue that, even if a more complex model were true, a simple one
may be advantageous to work with under parameter uncertainty. We present an alternative
model choice methodology for time series analysis, where one of two competing approaches
is chosen based on its empirical �nite-sample performance with respect to a certain task. A
rigorous, theoretical analysis of the procedure is provided in the framework of choice between
stationarity and local stationarity when the task is to forecast. We state conditions that
imply when it is preferable to base the forecasts on the more volatile time-varying estimates
and when it is advantageous to forecast as if the data were from a stationary process, even
though it is not. We also consider di�erent frameworks, as for example choosing between
linear and non-linear time series models, and provide the results of an extensive simulation
study as well as an empirical example.
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03.03.2016
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HZO100Moving Average Sieve Bootstrap for Stationary Time Series

For nondeterministic stationary processes with spectral densities, Szegö's factorization of
the spectral density can be used to get a moving average (MA) representation of the
spectral density, similar to the Wold decomposition. We use these MA coe�cients to
generate a Wild MA Sieve Bootstrap, which is able to mimic the second order structure
of the underlying process. If the underlying process is linear, the MA Sieve Bootstrap is
able to mimic to the necessary extent the fourth order moment structure, which occurs in
statistics like the empirical autocovariance. We proof that the proposed bootstrap procedure
asymptotically works for the mean and a general class of statistics, which contains the
empirical autocovariance and autocorrelation, among others. Furthermore, we compare it
to the linear process bootstrap and the AR-Sieve bootstrap. Its �nite sample performance
is investigated by means of simulations.

Christoph Kustosz1, Christine Müller1, Anne Leucht2, Martin Wendler3

1TU Dortmund, Faculty of Statistics, Dortmund
2TU Braunschweig, Institut für Mathematische Stochastik, Braunschweig
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NA 2/99Depth based estimators and tests for growth models

Objectives: We propose outlier robust and distribution-free tests for several regression
models and autoregressive models based on simplicial tangent depth. We also present
simpli�ed versions of the simplicial tangent depth statistic to allow fast computation. In
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particular, we want to de�ne methods which are robust to asymmetric error distributions
without explicit distributional assumptions on the error variables to allow an application to
crack growth in prestressed concrete. Material and methods: Consider models of the
form

yn = g(xn, θ) + en, n ∈ {1, ..., N},

with θ ∈ RK an unknown parameter and g a known function. For zn = (xn, yn) and model
residuals rn(θ, z) = yn − g(xn, θ) tangential depth is

dT (θ, z) =
1

K + 1
= min

u∈Rk
#

{
n ∈ {1, ...,K + 1}|u⊤ ∂

∂θ
rn(θ, z)

2 ≤ 0

}
.

Analysing the derivative of g with respect to θ gives su�cient conditions to relate
dT (θ, (zn1 , ..., znK+1)) > 0 to alternating signs of the respective residuals. Then simpli-
cial tangent depth is

dS(θ, z) =
1(
N

K+1

) ∑
1≤n1<n2<...<nK+1≤N

(
K+1∏
k=1

1{rnk
(z,θ)(−1)k>0}

+

K+1∏
k=1

1{rnk
(z,θ)(−1)k+1>0}

)
.

This statistic is related to U-Statistics but it has an asymmetric kernel for K > 1. Further(
N

K+1

)
terms have to be evaluated to calculate depth. This complicates the evaluation for

large N and K. We propose simpli�ed versions for which limit theorems can be proven
and which are easier to compute. By modi�cations of limit theorems for U-Statistics,
we prove general limit theorems for dS . For the simpli�ed statistics we apply modi�ed
central limit theorems. The resulting asymptotic tests then are compared with the NLS
and sign test. Results and conclusions: We �nd, that the simpli�ed statistics converge
to standard normal limit variables under regularity conditions. Further we �nd, that the full
simplicial tangent depth converges to a rescaled and centred χ2 variable for K = 1 and
to an integrated χ2 process for K = 2. We provide critical values for all proposed tests
and de�ne simultaneous parameter con�dence intervals. Our simulations show, that the
depth based tests can compete with NLS tests for several regression models. Further they
outperform the NLS and the sign test for asymmetric or contaminated error distributions.
The application illustrates, that we can deal with the specialities of crack growth processes,
in particular upward jumps and explosive growth.

Anna Leister1, Hajo Holzmann1, Grigory Alexandrovich1
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03.03.2016
S7 | 15:00
HZO100Nonparametric identi�cation and maximum likelihood estimation for hidden

Markov models

In this talk we investigate maximum likelihood estimation for nonparametric hidden Markov
models.
At �rst, we obtain results on nonparametric identi�cation: the parameters of the model as
well as the order of the Markov chain are identi�ed if the transition probability matrix of the
model has full rank and is ergodic, and if the state-dependent distributions are all distinct.

125



Based on these results, we show that the asymptotic contrast for maximum likelihood esti-
mation, the generalized Kullback�Leibler divergence of the hidden Markov model, identi�es
the true parameter vector nonparametrically. This result allows to investigate the maximum
likelihood estimator over nonparametric classes.
We consider two classes of state-dependent densities: arbitrary mixtures of parametric fam-
ilies and logconcave densities, and establish properties concerning existence, shape and
consistency of the corresponding maximum likelihood estimators.
Finally, we provide conclusions of a simulation study, comparing numerical properties of the
proposed nonparametric estimators to parametric estimators.
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NA 01/99Estimation of Sparse High Dimensional Spectral Density Matrices

Given N � d observations of a d-dimensional stationary Gaussian process, we study the
problem of estimating the sparse spectral density matrix in di�erent metrics and propose
minimax optimal estimators that adapt to the unknown sparsity. Our estimators are based
on thresholding the smoothed periodogram matrix.As a byproduct, we prove Bernstein-type
exponential inequalities for the non diagonal entries of the smoothed periodogram matrix.
This is joint work with Stefan Fremdt and Angelika Rohde.
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NA 02/99Change-point detection in a nonparametric time series regression model

A weakly dependent time series (Xt, Yt)t∈Z in Rd×R is considered, for which we develop a
strategy to detect whether the nonparametric conditional mean functionmt(·) = E[Yt|Xt =
·] is stable in time t ∈ Z. The strategy also allows for heteroscedasticity. Our proposal is
based on a modi�ed CUSUM type test procedure, which uses a sequential marked empir-
ical process of residuals. Empirical process theory is required to show weak convergence
of the considered process to a centered Gaussian process under the null ”mt(·) = m(·)
for all t” and a stationarity assumption. As a consequence we obtain the convergence of
the Kolmogoro�-Smirno� type test statistic. The proposed procedure acquires a very sim-
ple limiting distribution and nice consistency properties against change-point alternatives,
features from which related tests are lacking.
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HZO100On irregularly observed time series - asymptotics and the block bootstrap

We consider time series being observed at random time points.In addition to the classical
modeling by amplitude modulating sequences, we state another modeling using integer-
valued sequences. Limiting results are presented for the sample mean and for the more
general class of functions of smooth means. Motivated by the complicated limiting behavior,
(moving) block bootstrap possibilities are investigated.It is shown that, conditional on the
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used modeling for the irregular spacings, one is lead to di�erent interpretations of the block
length. The bootstrap blocks can be interpreted as either an observation string of �xed
length containing a random number of observations or as an observation string of variable
length containing a �xed number of observations. For both approaches, bootstrap validity
can be proven for the case of the sample mean.Generalizations to higher order statistics are
discussed. Numerical examples and an application to real-world ozone data will conclude.
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NA 02/99The detection of multiple structural breaks using MOSUM statistics based on

estimating functions

There are two basic approaches to detect multiple changes in the classical mean change
model, the binary segmentation procedure and the MOSUM procedure. The �rst one
is an iterative method which rests upon the idea that tests for AMOC-models still have
some power for multiple changes. The second method is based on moving sum statistics.
One main advantage of the MOSUM procedure is that the overall signi�cance level can be
controlled. Tests and statistical properties of change point estimators based on such moving
sum statistics have been investigated by Kirch and Muhsal (2015+) for the classical mean
change model. We want to generalize their results to several change point situations. By
using MOSUM statistics based on estimating functions di�erent parameter change problems
can be transformed to a mean change problem of the estimating function. Thereby only the
global estimator of the parameter has to be computed which could be a huge advantage
regarding the computational e�ort. We consider the construction of the test statistic and
its asymptotic behavior under the null hypothesis and alternatives.
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NA 02/99Detecting Changes in the Dependence Structure Between Time Series

Using so called ordinal patterns we analyze whether there is a (possibly non-linear)
dependence between given time series. If we �nd a dependence structure, we tackle
the question whether this dependence changes over time. Considering short-range or
long-range dependent time-series, di�erent techniques are used and di�erent limit theorems
are obtained. Applications include time series appearing in mathematical �nance, biology,
medicine and hydrology.

References:
[1] Testing for Structural Breaks via Ordinal Pattern Dependence (with Herold Dehling).
Second revision (2015+).
[2] An Ordinal Pattern Approach to Detect and to Model Leverage E�ects and Depen-
dence Structures Between Financial Time Series. Stat. Papers 55(4) (2014), 919�931.
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HZO100Speci�cation testing in nonparametric AR-ARCH models

We consider an autoregressive time series model with conditional heteroscedasticity, where
both conditional mean and conditional variance function are modeled nonparametrically.
Our aim is to test the model assumption of independence of innovations from past time
series values. The considered test is based on an weighted L2-distance of empirical charac-
teristic functions. The asymptotic distribution under the null hypothesis of independence is
derived and consistency against �xed alternatives is shown.
We suggest a smooth autoregressive residual bootstrap procedure and will show its perfor-
mance in a simulation study.
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HZO100Consistency of the sequential bootstrap for dependent Hilbert space-valued

random variables and its application to change point analysis

Let (Xn)n∈Z be a strictly stationary sequence of random variables with values in a separable
Hilbert space with a norm ∥·∥. We say that (Xn)n∈Z is near epoch dependent on a random
process (ξn)n∈Z with approximating constants (am)m∈N such that am → 0 as m→ ∞ if

E
∥∥X0 −E(X0/Fm

−m)
∥∥ ≤ am for all m ∈ N,

where here and in what follows F b
a is the σ-�eld generated by ξa, . . . , ξb.

We assume that (ξn)n∈Z is absolutely regular. De�ne the coe�cients of absolute regularity
by

βm = E
[

sup
A∈F∞

m

(
P (A|F0

−∞)− P (A)
) ]
.

The sequence (ξn)n∈Z is absolutely regular if βm → 0 as m→ ∞.
In the talk we will discuss the results on a functional central limit theorem and consistency of
the sequential bootstrap for near epoch dependent Hilbert space-valued random variables.
We will show how these results can be applied in change point analysis. Applications to
real data will be discussed as well.
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NA 02/99Fully Modi�ed OLS Estimation of Spatially Correlated Cointegrated Systems

We consider a system of spatially correlated cointegrating relationships. Deterministic trend
terms are also allowed for and it is shown that the convergence rate of the spatial correlation
parameter is determined by the order of the trend polynomial. In addition to the correlation
induced by the spatial autoregressive formulation we also allow for cross-unit correlation of
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the integrated regressors as well as the error terms. Cointegration amongst the regressors
is not allowed, as is standard in the cointegrating regression literature. In order to obtain
limiting distributions that allow for standard asymptotic inference, the fully modi�ed OLS
estimation principle is extended to the current situation. Finally, the methodology is applied
to a credit risk data set.
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NA 2/99Robust Sequential Change-Point Procedures Based on U-Statistics

There are two di�erent approaches in the context of change-point analysis. In the classical
a-posteriori approach, a completely observed data set is available when starting the testing
procedure. In the sequential change-point analysis we adapt tests for structural breaks after
each observation while still controlling the type-1-error asymptotically. Due to the fact that
the original distribution of the observed data is not known this procedure requires a histor-
ical data set without a change. Robust testing procedures are of particular importance for
the sequential change-point analysis. False alarms can lead to unnecessary costs and e�orts
as, for example monitoring patient or machine data requires an immediate intervention if a
structural break is detected. Hence, robust tests are needed to reliably detect true changes
without causing false alarms due to outliers in the observed data. Related to a-posteriori
tests investigated by Dehling and Fried (2011) we propose robust sequential testing proce-
dures based on U-statistics. We consider the construction of the test statistics and their
asymptotic behavior under the null hypothesis as well as alternatives. The performance of
the test for �nite sample sizes is assessed by a simulation study.

Oliver Stypka1, Martin Wagner1

1TU Dortmund, Dortmund
04.03.2016
S7 | 10:00
NA 02/99Cointegrating multivariate polynomial regressions: Fully modi�ed OLS estimation

and inference

A fully modi�ed OLS (FM-OLS) estimator is developed for cointegrating multi-variate
polynomial regressions, i.e., regressions that include as explanatory variables deterministic
variables, integrated processes and products of non-negative integer powers of the integrated
processes. Thus, we consider models of the form

yt = Dt
′δ +Xt

′β +
∑

(k1,...,kn)∈I

ϑk1,...,knx
k1
1t · · ·x

kn
nt + ut,

xit = xi,t−1 + vit.

The stationary errors ut are allowed to be serially correlated and the regressors are allowed
to be endogenous. The FM-OLS estimator is extended from cointegrating polynomial
regressions to cointegrating multivariate polynomial regressions, with the di�erence being
the inclusion of cross-products of powers of the integrated processes, which overcomes
the additive separability restriction typically used in nonlinear co-integration analysis for
the polynomial case. The FM-OLS estimator has a zero-mean Gaussian mixture limiting
distribution that allows for standard asymptotic inference. In addition to hypothesis tests
on the parameters also Wald and LM speci�cation tests are derived, as well as a KPSS-type
test for cointegration. The theoretical analysis is complemented by a simulation study.
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HZO100Testing for changes in Hilbert-space data based on "simultaneous" and

"change-aligned" projections

We study projection-based CUSUM procedures for weakly dependent time-series within an
abstract Hilbert space framework and having the function space L2[0, 1] as a practically
important special case in mind.
We consider simultaneous projections on principal components (by adapting recent �ndings
of Reimherr, 2015) and also propose a change-alignment. Both approaches o�er new and
appealing possibilities to extend the common projection-based testing procedures: for one
thing, they increase the power, and, for another thing, they simplify the usual assumptions
substantially in two directions (e.g., no assumptions on the separation of the eigenvalues
and no assumptions on the visibility of changes is required). The performance will be
demonstrated for synthetic and real-life data examples.
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NA 01/99Localized Fully Modi�ed OLS Estimation of Cointegrating Relationships in an

Integrated Locally Stationary Framework

Since the 1980ies, cointegration analysis has developed into one of the major modelling
concepts in time series econometrics, with applications in a wide range of �elds even outside
economics and �nance. A key underlying assumption of cointegration analysis is one of
stationary "innovation processes". It is, however, not undisputed whether the data are
generated by some underlying stationary mechanism. Consequently, as a natural extension,
we develop cointegration analysis in a framework where the observed processes are modelled
as integrated em locally stationary processes rather than as integrated (stationary) processes.
In particular we focus on a "cointegrating regression" setup, i.e., we consider:

yt,T = x′t,Tβ + ut,T (14)

xt,T = xt−1,T + vt,T , (15)

where the joint vector process ηt,T = [ut,T , v
′
t,T ]

′ is a locally stationary process of the
following form:

ηt,T =

∞∑
j=0

ϕj(
t

T
)εt, (16)

with some technical conditions on the functions ϕj(·). The process varepsilont is assumed
to be i.i.d. standard normally distributed. Under the stated assumptions, the second order
properties, or equivalently the local spectral density functions, are smoothly varying over u.

As is common in the cointegration literature, we allow for both regressor endogeneity
and error serial correlation in (1) and (2), now both of a time-varying nature. For this setting
we derive the following results: First, the OLS estimator of β is shown to be consistent with
a limiting distribution that is a function of Brownian motions with time-varying variances
and where additive bias terms occur. The nuisance parameter dependency of this limiting
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distribution renders inference based on the OLS estimator di�cult, a feature similarly present
in standard cointegration analysis. Note that in order to derive OLS consistency, we �rst
establish some underlying functional central limit results for the partial sum processes, which
may be of independent interest. Second, based on the OLS limit an estimator inspired by
the fully modi�ed OLS (FM-OLS) estimator is developed. This estimator, labelled localized
FM-OLS estimator, features similar � but di�erent � transformations as the original FM-
OLS estimator. The corrections depend upon consistent estimators of the local long-run
variances, which are also discussed in detail, from the stationary to the locally stationary
framework. Finally, performing asymptotically standard inference requires something like
"HAC-type" variance estimators related to the time-varying "heteroskedasticity" inherent
in the locally stationary framework. Corresponding test statistics are constructed.
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HZO100Locating Gas Emission Sources by using the Gas Concentration in the Air

We consider a multivariate epidemic mean change model with dependent errors where the
mean changes in each dimension at a time point t1 and returns back at a time point t2. The
change points can be at di�erent times in each dimension, however they are not arbitrary
but follow a particular pattern generated by the data set.
To �nd t1 and t2 in each dimension we develop an asymptotic testing procedure. Therefore
we use two di�erent types of test statistics, a truly multivariate test statistic and a projection
test statistic where we transform the multivariate data into univariate data.
This is motivated by the following problem: Suppose that we search for a gas emission
source in a big area where we have measured the gas concentration in the air by plane.
Our testing procedure helps to decide whether there exists a gas emission source in this
area. If there is a source we want to estimate its coordinates as close as possible to the
real location. Therefore we assume that outside of the gas plume the data have a constant
mean and inside the plume the mean increases to a higher level.
With the knowledge of the form of the gas plume and the gas concentration with the
corresponding coordinates of the measurement points we can draw conclusions for the
location of the gas emission source by the above change point methods.
Additionally we use our method for real data to locate a land�ll.
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NA 02/99Time Reversibility of INAR(1) Processes and Testing for Poisson Innovations

The study of integer-valued time series has attracted a considerable amount of attention
in recent years. Among others, McKenzie's INAR(1) model has proved to be a useful and
versatile model with applications in a variety of contexts. For such an INAR(1) model,
the choice of the innovations' distribution is crucial for the probabilistic behaviour of the
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process, with the default choice being the Poisson distribution (Poisson INAR(1) process).
If the true innovations' distribution deviates from a Poisson model, the process has di�erent
marginal properties and forecasting distributions, so tools for detecting such deviations are
of utmost importance.
In this work, two new tests for the null hypothesis of Poisson-distributed innovations are
developed. The tests focus on time-reversibility, as this feature is shown to be satis�ed
exclusively by Poisson INAR(1) processes. The necessary asymptotic variances are explicitly
calculated using the joint cumulants of these processes. The �nite-sample behaviour of the
test statistics and the power of the tests are investigated in a simulation study. The results
show that the newly developed tests perform better than existing ones in certain situations.
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NA 2/99Resampling for U-statistics - a new and fast method

The talk will discuss statistical inference for U -statistics under dependence (in the sense of
mixing conditions). Block bootstrap methods are usually applied to nonlinear statistics the
following way: New observations are constructed by drawing blocks of observations with
replacement from the sample and these bootstrapped observations are plugged into the
statistic. This plug-in bootstrap is shown to be consistent for U -statistics. However, such
bootstrap procedures can be computationally expensive, especially for nonlinear statistical
functionals like U -statistics, because it involves a Monte Carlo evaluation. On the other
hand, subsampling is fast to compute, but does not deliver accurate critical values for
small sample sizes. We propose an alternative resampling method for U -statistics of short
range dependent data, which can be described as a compromise between subsampling and
bootstrap. Instead of drawing blocks of observations, we calculate the U -statistic for the
di�erent blocks and draw from this subsample statistics. It is computational more e�cient
than bootstrap, but gives a better approximation of the limit distribution than subsampling.
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Section 8: Data Analysis and Computational Statistics
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HZO80Quantifying the uncertainty of contour maps

Contour maps are ubiquitous for visualising estimated spatial �elds, but the uncertainty
associated with such maps has been given a surprisingly small amount of attention. The
question is closely connected with the dual problem of constructing credible regions for
excursion sets, which leads to a more stringent formulation of the problem. For practical
use in e.g. geostatistics and medical imaging, computational methods are constructed, that
can be applied to Gaussian Markov random �elds, and in particular be used in combination
with integrated nested Laplace approximations for latent Gaussian models.
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NA 01/99Mixture EMOS model for calibrating ensemble forecasts of wind speed

Ensemble model output statistics (EMOS) is a statistical tool for post-processing forecast
ensembles of weather variables obtained from multiple runs of numerical weather prediction
models in order to produce calibrated predictive probability density functions (PDFs). The
EMOS predictive PDF is given by a parametric distribution with parameters depending on
the ensemble forecasts. We propose an EMOS model for calibrating wind speed forecasts
based on weighted mixtures of truncated normal (TN) and log-normal (LN) distributions
where model parameters and component weights are estimated by optimizing the values of
proper scoring rules over a rolling training period. The new model is tested on wind-speed
forecasts of the 50 member European Centre for Medium-Range Weather Forecasts
ensemble, the 11 member ALADIN-HUNEPS ensemble of the Hungarian Meteorological
Service and the eight-member University of Washington mesoscale ensemble, and its
predictive performance is compared to that of various benchmark EMOS models based on
single parametric families [1] and combinations thereof [2]. The results indicate improved
calibration of probabilistic and accuracy of point forecasts in comparison with the raw
ensemble and climatological forecasts. The mixture EMOS model signi�cantly outperforms
the TN and LN EMOS methods, moreover, it provides better calibrated forecasts than
the TN-LN combination model and o�ers an increased �exibility while avoiding covariate
selection problems.
Sándor Baran was supported by the János Bolyai Research Scholarship of the Hungarian
Academy of Sciences.
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[2] Baran, S., Lerch, S., Log-normal distribution based EMOS models for probabilistic
wind speed forecasting. Q. J. R. Meteorol. Soc. 141 (2015), 2289�2299.
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NA 01/99Probabilistic Forecasting of Medium-Term Electricity Demand: A Comparison of

Time Series Models

The uncertainty of customer demand and its relation to the �uctuation of the electricity
price is an important risk factor in electricity markets. Therefore there is a need for prob-
abilistic forecasting of medium-term electricity demand for end customers. There already
exists comprehensive literature on various load forecasting techniques, but they typically
consider the grid load or private households, however. Load forecasting models for com-
panies seem to be rare so far. As consumption patterns of companies vary signi�cantly
between di�erent business sectors, model building and calibration depending on the sector
seems to be reasonable. In this paper we introduce a whole class of time series models
for modeling customer demand. The models vary in their number of parameters for the
seasonal patterns, whether or not a dependence on grid load is included, and what kind
of distribution is used for the residuals. We use the continuous ranked probability score
(CRPS) to compare di�erent time series models. We evaluate the model performance using
historical load data of companies from di�erent business sectors. The results reveal that
for the yearly seasonality the use of sine and cosine functions typically is better than using
dummies for each month. Moreover, hyperbolic distributions often provide a very good �t
to the model innovations of the log demand in case of industry customers, whereas normal
distributions maybe better in case of customers from the retail and service sector.We also
discuss modeling approaches for electricity load pro�les that show a regime-switching behav-
ior. We use an inhomogeneous Markov chain with time-dependent transition probabilities
combined with an ARMA model for the processes within the regimes. In terms of CRPS, we
compare the regime-switching model with the simpler modeling approach without regimes.
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HZO50Detecting time-dependency and separation of objects in live cell-imaging

The question whether structural changes in time-resolved images are of statistical signi�-
cance, and therefore of scienti�c interest, or merely emerge from random noise is of great
relevance in many practical applications such as live cell �uorescence microscopy, where in-
tracellular di�usion processes are investigated. In this paper we study the statistical recovery
of such time-resolved images from �uorescence microscopy of living cells, based on which
we introduce a method that allows us to both monitor and visualize statistically signi�cant
structural changes between individual frames over time. The method can be adopted for
use in other imaging systems and is applicable to both images and image changes. It yields
a criterion to assess time-resolved small scale structural changes e.g. in the nanometer
range.
Moreover, we extend the analysis of the live-cell imaging data to the classi�cation of ob-
jects as being separate or not. The proposed method is based on data reconstruction with
a regularization technique as well as new theoretical results on uniform con�dence bands
for the function of interest in a two-dimensional heteroscedastic nonparametric convolution-
type inverse regression model. In particular, a new uniform limit theorem for the case of
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Poisson-distributed observations is presented and a strong approximation result for a two-
dimensional array of non-identically distributed Poisson-residuals by an array of independent
and identically distributed Gaussian random variables is derived. Additionally, a statistical
test for the detection of modes is used for an additional analysis of objects on being sep-
arate. Moreover, a data-driven selection method for the regularization parameter based
on statistical multiscale methods is discussed. The method can be used for a automatic
data-driven data analysis. The theoretical results are demonstrated in a simulation study
and used to analyse data of �uorescently labelled intracellular transport compartments in
living cells.
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HZO80High dimensional dependency analysis using vine copulas

A common approach to model general dependencies is to use copulas. They can be com-
bined with arbitrary margins to form multivariate distributions. The class of vine copulas
have become very popular in the last few years, since they are build using only bivariate
copulas and provide a large and �exible class. They can model tail dependence and asym-
metries. In addition to their easy formulation they allow for simple estimation procedures
which are implemented in the R library VineCopula. I will introduce the class, give appli-
cations from �nance, insurance and climate modeling and discuss the current challenges in
this fast evolving �eld. General information can be found under vine-copula.org.
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NA 2/99Mixture model clustering using variable data segmentation

A method for mixture model clustering based on model selection is proposed in this study
by assuming that segmentations of data for heteregeneous variables forms the number
of clusters and determines the structures of clusters. The case of three variables with
�rst having three segmentations, second having two segmentations and third having no
segmentation is considered as a protype situation in this study. The number of all cases
for cluster centers determined according to the segmentations of heteregeneous variables.
Some of all cases which the assumptions are not satis�ed eliminated. The rest cases gives
the number of possible cluster centers which the assumptions satis�ed. Candidate mixture
models are established to determine the number and the structures of clusters for possible
cluster centers using the partitions of heteregeneous variables. The best mixture model is
chosen among candidate mixture models for data clustering using information criterions.
The best mixture model thus the mixture of normal distributions determines the number
and the structure of clusters in data. The number of components in the best mixture model
corresponds to the number of clusters in data. The components of the best mixture model
corresponds to the structure of clusters in data.
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NA 01/99Modeling forecasting errors for scenario generation in hydrothermal systems

Objectives: Decisions making processes in electricity markets require identifying how the
uncertainty associated to di�erent stochastic parameters may unfold. Among others, elec-
tric energy demand and renewable energy availability (e.g. hydro, wind and solar) are some
of the most important stochastic parameters a�ecting electric power systems operations.
The de�nition of a possible, coherent, and relevant set of scenarios in order to represent
di�erent realizations of the stochastic parameters may assist decision making processes to
properly managing the risks. The objective of this work is to discuss models for the forecast-
ing errors of the stochastic parameters and the construction and reduction of scenarios for
short-term hydrothermal generation scheduling (STHTGS) in power systems, considering
as uncertain variables the demand, the hydro in�ows, and the variable renewable generation
(wind and solar).
Materials and methods: The dataset to model the forecasting errors of the di�erent pa-
rameters comes from actual forecasts conducted by the Independent System Operator (ISO)
of the Chilean Central Interconnected System. The ISO provides on its website complete
databases for conducting weekly hydrothermal generation scheduling, so by comparing their
forecasts with actual system outputs we can obtain a dataset of forecasting errors of the
di�erent variables of interest. Notice that the dataset consists of a large number of spatially
distributed hourly time series, many of them correlated, leading to a high dimensional and
complex data structure. The time series are modeled by �tting a statistical model of the
forecasting error for each of the uncertain variables. Next, a large number of scenarios are
generated while preserving the co- variance structure of the di�erent stochastic variables.
Scenario reduction is �nally conducted using clustering techniques, and the scenarios are
tested in a STHTGS model. The algorithms are implemented in Matlab and R, and the
STHTGS model is implemented in Python using Pyomo.
Results and conclusions: Due to the computational challenges of STHTGS, only a subset
of scenarios can generally be used, so reducing the dimension of the scenario set is imper-
ative. Our simulation results show that the subset of scenarios obtained with the proposed
methodology properly models the uncertainty by preserving the most important statistical
properties of the stochastic parameters while keeping the number of scenarios small.
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NA 01/99Fluctuation analysis of electric power loads in Europe: Correlation multifractality

vs. Distribution function multifractality

We analyze the electricity power load in the Czech Republic (CR) which exhibits seasonality
as well as other oscillations typical for European countries. Moreover, we detect 1/f noise
property of electricity power load with extra additional peaks that allows to separate it into
deterministic and stochastic part. We then focus on the analysis of stochastic part us-
ing improved Multi-fractal Detrended Fluctuation Analysis method (MFDFA) to investigate
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power load datasets with minute resolution. Extracting the noise part of the signal using
Fourier transform allows us to apply this method to obtain �uctuation function and to esti-
mate generalized Hurst exponent together with correlated Hurst exponent, it's improvement
for non-Gaussian datasets. The results exhibit strong presence of persistent behaviour and
the dataset is characterized by non- Gaussian skewed distribution. Indicators also suggest
presence of fat-tail distribution with exponent of the tail close to Gaussian.
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NA 01/99Probabilistic forecasting and comparative model assessment based on MCMC

output

Objectives: A rapidly growing literature uses Bayesian methods to produce probabilistic
forecasts of meteorological, economic or �nancial variables. Thereby, the posterior predic-
tive distribution of interest comes as a simulated sample, typically generated by a Markov
chain Monte Carlo (MCMC) algorithm. We conduct a systematic analysis of how to make
and evaluate probabilistic forecast distributions based on such MCMC output.
Material and methods: Utilizing the mathematical framework provided by the theory of
proper scoring rules, we develop a notion of consistency that allows for assessing the ade-
quacy of methods for estimating the stationary distribution underlying the MCMC output.
We then review asymptotic results that account for the salient features of Bayesian posterior
simulators, and derive conditions under which choices from the literature satisfy this notion
of consistency.
Results and conclusions: Importantly, these conditions depend on the scoring rule being
used, such that the choices of approximation method and scoring rule are heavily inter-
twined. While the popular logarithmic scoring rule often requires fairly stringent conditions,
the continuous ranked probability score can be used under mild assumptions. These results
are illustrated in a simulation study. Furthermore, we conduct a case study of a popular
model for economic time series. A textitmixture of parameters estimator that e�ciently
exploits the parametric structure of the model performs well in these examples. By con-
trast, fully nonparametric kernel density estimation techniques prove to be problematic,
particularly when used in conjunction with the logarithmic scoring rule.
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NA 01/99Spatially adaptive Bayesian estimation for probabilistic temperature forecasts

Numerical Weather Prediction (NWP) uses physical models to predict future weather
conditions. Statistical postprocessing methods that construct predictive distributions from
ensembles of NWP model runs are used to correct the NWP forecasts for biases and im-
perfect representation of forecast uncertainties. However, many established postprocessing
methods focus on a single weather quantity at a given location, thus yielding not necessarily
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physically coherent forecasts.
In this work we propose a spatially adaptive extension of the state-of-the-art Ensemble
Model Output Statistics (EMOS) postprocessing model for temperature forecasts. As our
method introduces a Markovian dependence structure on the model parameters by employ-
ing Gaussian Markov random �elds, we call it Markovian EMOS (MEMOS). For �tting the
MEMOS model in a Bayesian fashion we utilize the recently developed Integrated Nested
Laplace Approximation (INLA) approach that allows for fast and accurate approximation of
the posterior distributions of the parameters. To obtain physically coherent forecasts, we
provide the basic MEMOS model with an additional spatial dependence structure induced
by the Ensemble Copula Coupling (ECC) approach. ECC allows to recover dependencies
present in the raw ensemble at a low computational cost by using its rank order structure.
We apply the MEMOS method to 24-h forecasts of surface temperature over Germany
for the years 2010 and 2011, using the 50-member ensemble of the European Center for
Medium-Range Weather Forecasts (ECMWF). Our proposed method outperforms the raw
ensemble and the ensemble postprocessed with standard univariate variants of EMOS in
terms of several veri�cation scores. Further, we found that the improvement over the con-
sidered standard methods is statistically meaningful when testing for equal forecast accuracy
with the Diebold-Mariano test.
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NA 01/99Gamma distribution based on EMOS model for precipitation forecasting

The evolution of the weather can be described by Numerical Weather Prediction (NWP)
models, which are capable to simulate the atmospheric motions by taking into account the
physical governing laws of the atmosphere and the connected spheres. However, the NWP
models and consequently the weather forecasts cannot be fully precise and their precision
might change with the meteorological situation as well. A possible solution is to run the
model with di�erent initial conditions and produce an ensemble of forecasts. However,
although e.g. the ensemble mean on average gives better forecasts of a meteorological
quantity than any of the individual ensemble members, it is often the case that the
ensemble is under-dispersive and in this way, uncalibrated, so that some post-processing is
needed to account for this de�ciency.
One of the most popular modern post-processing techniques is the ensemble model output
statistics (EMOS) proposed by Gneiting et al. [1] which provides an estimate of the density
of the predictable weather quantity.
In the present work we propose an EMOS method for calibrating ensemble forecasts
of precipitation accumulation where the predictive distribution follows a censored and
shifted gamma (CSG) law. The CSG EMOS model is tested on ensemble forecasts of
24 h precipitation accumulation of the eight-member University of Washington mesoscale
ensemble and on the 11 member ensemble produced by the operational Limited Area Model
Ensemble Prediction System of the Hungarian Meteorological Service. The predictive
performance of the new EMOS approach is compared with the �t of the generalized
extreme value distribution based EMOS model of Scheuerer [2] and the gamma BMA
method proposed by Sloughter et al. [3].
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HZO50Statistical Inference with Wasserstein Distances

Objective(s): The Wasserstein distance, one of the most fundamental probability met-
rics, recently has also been recognized as a central tool in statistical applications. It has
been demonstrated to elicit important structure from complex data, where conventional
methods fail. Despite this growing interest, tools for rigorous and computationally e�-
cient statistical inference remain scarce. This motivates us to investigate extensions of the
asymptotic theory for Wasserstein distances of empirical measures and algorithms for their
use in statistical applications.
Material and methods: We use methods from asymptotic statistics and deviation inequal-
ities.
Results and conclusion(s): New distributional limits are presented together with algo-
rithms facilitating computationally e�cient testing and estimation.
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NA 2/99A New Method of Robust Statistics

We introduce a new method for the goal-oriented design of outlier- and inlier-robust
statistical inference tools. In particular, this includes the tasks of parameter estimation,
testing for goodness-of-�t resp. homogenity resp. independence, clustering, change-point
detection, exploratory model search, and some Bayesian decision procedures.
In order to achieve this goal, we adapt the concept of scaled Bregman distances between
two distributions, which was introduced in Stummer (2007), Stummer & Vajda (2012), and
which generalizes the widely-used (non-robust) concepts of Kullback-Leibler information
distance/relative entropy, Pearson's chisquare distance, Hellinger distance, Csiszar-Ali-
Slivey divergences, etc. The classical (i.e., unscaled) Bregman distances � such as the
L2−distance and the more general density power divergences � are covered as well.
In order to visualize e�ectively and transparently the corresponding robustness properties,
we present 3D-plots of the newly developed density-pair adjustment functions. Numerous
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special cases will be illustrated. For the discrete case, some universally applicable results
on the asymptotics of the underlying scaled-Bregman-distance test statistics are derived as
well.
This talk is mainly based on several joint works with A.-L. Kiÿlinger (Erlangen-Nürnberg).
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HZO50Shape Analysis of Curves in SO(3) with Applications to Gait Analysis

Objective(s): In biomechanical analysis of motions of the human knee joint, curves over
time in the space SO(3) of 3D rotations are the data objects. In non-invasive practice,
such curves are obtained by following markers placed on thigh and shank. Even if placed by
experts, slightly di�ering locations account for additional statistical variation that makes it
di�cult to accomplish the task of identifying individuals as well as of identifying changes in
gait patterns due to degenerative e�ects, say.
Material and Methods: To accomplish the task of identifying changes in gait patterns, it
turns out that paths in SO(3) modulo a subgroup of its isometry group form the natural
object space. On this space we propose a Gaussian pertubation model, analyze some of its
properties and develop inferential tools, among others simultaneous con�dence regions of
the pertubation center curve.
Results and conclusion(s): The methods are applied to real gait data. Using our approach
we can reliably identify and discriminate between volunteers. Moreover, we are able to detect
small e�ects of intensive kneeling on knee orientation during gait.
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NA 2/99Reversible Markov Chain Estimation

We consider the maximum likelihood estimation (MLE) problem for reversible transition
matrices on a �nite state space. Given a �nite length realisation of the reversible Markov
chain of interest we �nd the maximum likelihood stochastic matrix obeying a detailed
balance constraint with respect to the unknown stationary vector of the desired estimate.
We obtain a convex-concave reformulation of the reversible MLE problem using a duality
argument and show that the resulting saddle-point problem can be e�ciently solved using
a primal-dual interior point method. The algorithm can be extended and applied to the
inference from independent chains with speci�ed couplings between stationary probabilities.
The outlined algorithm is able to signi�cantly speed up the estimation procedure compared
to a previously employed �xed-point iteration.
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NA 2/99Performance control in sensory analysis by the Functional Principal Component

Analysis of probability density functions

In this work, the Functional Principal Component Analysis (FPCA) of a set of probability
density functions is used to study the performance of a panel of 14 judges in sensory
analysis context. For this, we integrate the FPCA of densities in the context of Multiblock
data analysis where, each block contain the scores assigned by judges for 10 rosebushes
according two sensory variables at three di�erent occasions. The planes of representations
of densities gives a �rst global appreciation of variations contained in the data, one part
of these variations summarizes the repetability of the scores assigned by the judges and
another part, the discrimination of products tested.
Statistical approach
Ten photographs of rose bushes (A,. . . ,J) were evaluated by a jury of 14 judges. Each judge
evaluated with a score each of the T = 10 rose bushes three times, for p = 2 attributes:
"height overall shape" and "symmetry". The p attributes describing the overall shape of the
rose bushes were taken from the 16 attributes considered in the original study of these rose
bushes. The data are grouped in 30 blocks of 14 rows and 2 columns, each block contain
the scores given by 14 judges on the set of rose bushes and for which a probability density
is also associated (estimated by the Gaussian kernel method). The aim is to obtain an
optimal approximative representation of the 30 densities (rosebushes) in a subspaces of low
dimension (H ∈ R2). We then visualize through graphics, similarities repeatability of the
panel) and di�erences (discrimination of products by the panel) for one, or two descriptors.
Conclusion: One of graphics shows two groups of rosebush : I, J, C on the one hand
and B,F,G,D on the other hand, then for the overall shape, the judges are in harmony on
the discrimination of these two groups of rosebush. For the repeatability of the notes, the
panel is sure for the notes they attribute for the rosebushs B and C (the points B1, B2, B3
(resp C1, C2, C3) are close). Concerning the symmetry of the rosebush, the panel clearly
distinguishes the rosebushs C and H to others with an excellent repeatability.
For the both descriptors case, Another graphic show that the panel state an excellent
repeatability on the 10 rosebush and, bring into opposition 2 groups of rosebushs B, F, G,
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H and I, J. The linear correlation coe�cient calculated between the vector containing the
coordinates of 30 points (A1, A2, A3,..., I1, I2, I3) on the axis 1 and the vector containing
the means of the variables "overall shape" on each block equal to −0.83, that explain the
extreme positions of the rosebushs B and J on these axis. So, the FPCA of densities has
shown that the judges are an good capacity of discrimination of the products (rosebushs)
and a good repeatability when the analysis is achieved on both two descriptors.

142
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HZO60Statistical Inference for Density Trees

Density-based clustering provides a principled and �exible non-parametric framework for
de�ning clustering problems and for evaluating the performance of clustering algorithms.
In density-based clustering, clusters are de�ned to be the maximal connected components
of the upper level sets of the density of the data generating distribution. The collection of
all the clusters of a density ordered by inclusion de�nes a dendrogram, called the density
tree. Such a tree o�ers a compact and highly interpretable summary of all the clustering
properties of the corresponding distribution, and is the main object of study in density-based
clustering. This talks is concerned with statistical inference for density trees. I will present
various results for consistent estimation of density trees and for constructing con�dence
sets for trees. I will relate the theoretical performance of these procedures to geometric
and analytic properties of the underlying distribution. I will discuss a simple algorithm for
density-based clustering that scales well to high dimensional problems, can be applied to
data originating from distributions with supports of mixed dimensions, and to non Euclidean
data, such as functional data.
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NA 01/99Adaptive nonparametric instrumental regression in the presence of dependence

We consider in nonparametric instrumental regression the estimation of the structural
function, which models the dependence of a response Y on the variations of an endogenous
explanatory variable Z in the presence of an instrument W . Given an i.i.d. sample of
(Y,Z,W ) a lower bound is derived for a maximal weighted mean integrated squared error
assuming the structural function belongs to an ellipsoid linked to the conditional expectation
operator of Z given W . We propose an estimator of the structural function based on a
dimension reduction and an additional thresholding. Assuming either an i.i.d. sample
of (Y, Z,W ) or a su�ciently weak dependence characterized by fast decreasing mixing
coe�cients it is shown that the estimator is minimax rate-optimal considering smoothness
assumptions. However, the proposed estimator requires an optimal choice of a dimension
parameter depending on certain characteristics of the structural function and the conditional
expectation operator of Z given W . As these are unknown in practice, we investigate a
fully data-driven choice of the tuning parameter which combines model selection and Lepskis
method. It is shown that the adaptive estimator with data-driven choice of the dimension
parameter can attain the lower minimax risk bound up to a constant.
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HZO60Inference for Monotone Functions Under Short and Long Range Dependence

Isotonic regression problem is an important problem arising in many applications such
as climate studies, economics, current status data in biostatistics, among many others.
When the data are independent and Gaussian, the well�known Pooled Adjacent Violators
Algorithm provides the maximum likelihood estimate (MLE) of the monotone function we
want to estimate. Its asymptotic properties are well understood. In many applications,
however, the data are dependent. Motivated by the work of Banerjee and Wellner (2001),
our goal is to study the pseudo LRS and L2 distance between constrained and unconstrained
MLE. The limit distribution of these statistics for independent identically distributed data
do not involve the slope of the regression function, which is di�cult to estimate and arises
in the asymptotic distribution of MLE. Here we present some results,which show that these
statistics with suitably modi�ed scaling will have the same asymptotic distribution in the
case when the data are weakly (short�range) dependent. We have also presented some
calculations to obtain the limit distributions of these statistics under strong (long�range)
dependence of the data. As these two statistics converge jointly the ratio of these two
statistics has a limit distribution free of the the slope of the regression function and other
scaling factors under both kinds of dependence. We expect to use this ratio statistic to
construct con�dence interval for the regression function at a particular point for many
practical applications as it does not involve independence assumption on the data and
estimating the scaling factors.
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HZO60Subsampling: Validity under Long-Range Dependence and Application to a
Self-Normalized Change-Point Test

We consider a robust change-point test based on a self-normalized version of the Wilcoxon
two-sample rank statistic to identify changes in the mean of long-range dependent
data. Unlike common testing procedures an application of the self-normalized test
does not require the estimation of an unknown standardization and depends on the
Hermite rank m and the Hurst parameter H only. It therefore has the convenience of
avoiding the determination of any other parameter. Approximating the distribution of the
self-normalized Wilcoxon test statistic by subsampling procedures bypasses estimation of
m and H. Furthermore, it can be shown that the so-called "sampling window method"
is also valid for general statistics applied to long-range dependent subordinated Gaussian
processes which satisfy mild regularity conditions. Finally, we investigate the �nite sample
performance of the subsampling-based change point test in a simulation study. We
compare it to the performance of the usual testing procedure which generates test decisions
on the basis of critical values that result from the asymptotic distribution of the test statistic.
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NA 2/99On the robustness of regularized pairwise learning methods based on kernels

Regularized empirical risk minimization including support vector machines plays an im-
portant role in machine learning theory. In this talk regularized pairwise learning methods
based on kernels will be investigated. One example is regularized minimization of the error
entropy loss which has recently attracted quite some interest from the viewpoint of con-
sistency and learning rates. Several ranking methods are also based on pairwise learning.
This talk shows that many regularized pairwise learning methods have additionally good
statistical robustness properties, if the loss function and the kernel are chosen appropriately.
Two cases of particular interest are treated: (i) a bounded and non-convex loss function
and (ii) an unbounded convex loss function satisfying a certain Lipschitz type condition.
This is joint work with Prof. Dr. Ding-Xuan Zhou (City University of Hong Kong).
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NA 2/99Statistical properties of localized support vector machines

Support Vector Machines (SVMs) are a nonparametric method of statistical machine learn-
ing with desirable properties like guaranteed existence, uniqueness, universal consistency and
some kinds of robustness if only weak assumptions are satis�ed. They are solutions of a
regularized and kernel based risk minimization problem with respect to a loss function that
can be chosen by the statistician. Nowadays, they therefore play an important role in statis-
tics.
Usually the SVM is learnt by a sample of observed data points which contain some infor-
mation of their generating distribution. The SVM potentially uses all the information given
by the data set. Two problems can arise. First: If there are too many data points and if it
is not obvious which of them contain redundant information, learning the SVM may take
too much time or may need too much storage. Second: If the generating distribution has
di�erent characteristics in di�erent regions of the input space, learning only one �global�
SVM usually leads to imprecise estimation. In this talk, we will show that some interesting
statistical properties like consistency and some kinds of robustness are preserved in a class of
local approaches which try to gather the di�erent characteristics of the unknown generating
distribution.
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NA 01/99Nonparametric regression estimates on the sphere

This talk is concerned with the construction of adaptive nonparametric estimates by means
of wavelet thresholding techniques over the q-dimensional sphere Sq. In particular, our
aim is to describe global thresholding nonparametric estimation of functions de�ned on the
sphere.
Our proposal is based upon a wavelet system named spherical needlets, featuring strong
concentration properties in both real and harmonic domains; spherical needlets are also
characterized by very useful bounds on Lp-norms. More in details, for any �xed resolution
level j ≥ 0, let {ψj,k}k=1,...,Kj

and {βj,k}k=1,...,Kj
denote respectively the set of spherical

needlets and the set of needlet coe�cients, while Kj is the cardinality of the needlets
corresponding to j (typically Kj ≈ 2j). For f ∈ Lp (Sq), the global thresholding needlet
estimator is given by

f̂ (x) =
∑
j≥0

ηj

Kj∑
k=1

β̂j,kψj,k (x) ,

where,
{
β̂j,k, j ≥ 0, k = 1, . . . ,Kj

}
is the set of the so-called empirical needlet coe�cients,

based on the set of observations of size n, while ηj is a suitably de�ned U-statistics. Observe

that empirical needlet coe�cients are unbiased, namely E
[
ψ̂j,k

]
= ψj,k, for any j ≥ 0,

k = 1, . . . ,Kj .
Needlet estimators represent a convenient choice because they attain optimal rates of con-
vergence on a large scale of functional classes on Sq: in particular, globally thresholded
needlet estimators are proved to be adaptive for the Lp-risk and for the scale of Besov
spaces over the sphere. Finally, we also provide a comparison between our results and
the ones existing in the literature concerning local and block thresholding methods on the
sphere.
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NA 01/99Goodness-of-�t tests for complete spatial randomness based on Minkowski

functionals

We propose a class of goodness-of-�t tests for complete spatial randomness (CSR). CSR
models the non-occurrence of dependence of point events within a given multivariate study
area, and it is synonymous to a homogeneous spatial Poisson point process (PPP), therefore
closely related to questions of uniformity of point patterns. In contrast to standard tests, our
procedure utilizes a transformation of the data to a binary image which is then characterized
by geometric functionals such as area, perimeter, and the Euler-Poincaré characteristic.
These data driven and hence random functionals are examined under the assumption of a
homogeneous PPP. We determine the mean values and their variance-covariance structure,
which opens the ground for di�erent test statistics. As a special case the presented tests can
be applied to binary image data. The consistency of the tests as well as their asymptotic
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distribution under the null hypothesis are investigated. The new tests are compared in
simulations with other tests of CSR. Finally, we present an example in gamma-ray astronomy.
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HZO60Multi-Scale testing for monotonicity and modality in multivariate density
estimation

We introduce a nonparametric test for the presence of geometric features in multivariate
density estimation based on multi-scale testing for regions of monotonicity. Signi�cance
tests for the presence of a mode in a pre-speci�ed candidate point as well as for the loca-
tion of the modes without prior knowledge are constructed.
The method is based on a test statistic that tests a density at an arbitrary point for its
local monotonicity behavior along rays of arbitrary directions. To this end, the positions
of the projections on the ray of the observations in a close neighborhood of the ray are
considered. It is motivated by results from the univariate test of D"umbgen and Walther
[Multiscale inference about a density, 2008, Ann. Statist., 36(4):1758-1785]. This includes
an approach for a simulation-based determination of the critical values of the test.
Asymptotics for the smallest detectable features and the number of directions tested simul-
taneously are studied. Furthermore, the method is shown to localize modes with e�ectively
optimal rate. The asymptotic results are complemented by a simulation study which demon-
strates the practical feasibility of the test.

Gordon Frank1, Yongdai Kim2, Achim Dörre1

1Universität Rostock, Rostock
2Seoul National University, Seoul

03.03.2016
S9 | 12:00

HZO60Additive Time-Dependent Hazard Model with Randomly Double-Truncated Data

Non-parametric estimation for an additive hazard model with time-dependent regression
coe�cients under random double-truncation is investigated, i.e. the variables are observable
if and only if the variable of interest lies in a random interval. This interval is determined
by possibly dependent random variables, called truncation variables. The model has only
weak distribution assumptions, but does not assume any speci�c shape, neither for the
distribution function of the truncation variables nor for the regression coe�cients. The
basic concept of the estimation goes back to Aalens additive risk model, i.e. the slopes
of the regression coe�cients are estimated by linear regression. Due to random double-
truncation, ordinary least squares estimates can not be applied and therefore, the estimator
comprises a linear regression method for doubly-truncated variables. By proving tightness
and �nite dimensional convergence of the estimator, consistency and asymptotic normality
is established. A simulation study shows the tendency that the higher the probability of
truncation, the higher the mean squared error of the estimators. Finally, the method is
applied to a doubly truncated dataset of German companies, where the time-to-insolvency
is of interest.
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HZO60Nonparametric Density Estimation for Multivariate Bounded Data Using two
Non-Negative Multiplicative Bias Correction Methods

Two new multiplicative bias correction techniques for nonparametric multivariate density
estimation in the context of positively supported data are proposed. Both methods were
originally established for univariate ordinary density estimation via second-order symmetric
kernels by Terrell and Scott (1980) and Jones et al. (1995). We extend their results due
to the use of asymmetric kernels, which were introduced by Chen (1999, 2000).
Under suitable regularity assumptions on the unknown density, both methods reach an
optimal rate of convergence of the mean squared error of order O(n−8/(8+d)), where d
denotes the dimension of the underlying data set. In addition, they overcome the boundary
bias e�ect and generate always non-negative values. For both methods we investigate bias
and variance approximations which are in turn dependent on the choice of the used class
of asymmetric kernel functions like Gamma-, modi�ed Gamma- or the newly proposed
Nakagami-m-kernels. Moreover, the performance is demonstrated in a Monte Carlo
simulation study and in two real data examples.
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NA 2/99Testing hypotheses about mixture distributions using not identically distributed

data

Testing goodness-of-�t with simple hypotheses and hypotheses of families of distributions
about mixture distributions on the basis of observations of independent but not necessarily
identically distributed random vectors is discussed. Moreover, testing hypotheses formulated
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by Hadamard di�erentiable functionals, e.g., hypothesis of central symmetry, homogeneity
and independence, is considered in this model. Kolmogorov-Smirnov or Cram'er-von-Mises
type statistics and bootstrap Monte-Carlo procedures are suggested. In addition, asymptotic
properties of the test statistics are investigated. The results imply the asymptotic exactness
and the consistency of the tests. Further, outcomes of simulations are given.
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NA 2/99Local polynomial estimation in nonparametric regression with strongly mixing

errors

We propose a modi�cation of local polynomial time series �tting which improves the ef-
�ciency of the conventional method when the observation error is strongly mixing. This
generalizes the work of Xiao et. al. in 2003, who considered an error process with an
invertible linear representation. Here, we do not suppose a certain functional structure on
the random observation error. Furthermore, we allow for heteroscedasticity. The procedure
is based on a pre-whitening transformation of the data. The dependent variable as well as
the unknown variance function are estimated via preliminary local polynomial regression.
Establishing its asymptotic distribution, we show that the proposed estimator is more e�-
cient than the conventional one. In a simulation study, the performance of our estimator
on �nite samples is investigated.
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HZO60Multivariate Cure Rate Estimation under Random Censoring

Objectives: In this paper, we considered a non-parametric multivariate cure rate estimator
under random censoring. Our data have censoring at the end of the follow-up period due to
not completing the follow-up by some individuals or returning to the disease after �nishing
the study time. Cured or immunes are the individuals who are not subject to the event of
interest i.e. death. Cure rate is the probability of being cured for an infected individual per
unit time, or in the other words, p = P (X = ∞) where X is the time to event variable.
Material and Method: Our method is based on the Sen and Stute (2013) estimator
which is a multivariate version of the Kaplan-Meier estimator, given by the unique solution
of an eigenfunction equation via a mass-shifting method. This estimator is defective, i.e.,∑n

i=1 Pi < 1. Cure rate can be estimated by 1−
∑n

i=1 Pi, as in Maller and Zhou (1996) in
the univariate case.
Results and Conclusions: In this paper, asymptotic normality of the cure-rate estimator
is established, and its variance estimator is obtained. The results are illustrated using
simulations as well as real data.
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NA 2/99Weighted Kolmogorov-Smirnov tests in one- and two-sample problems

We consider a speci�c class of weighted Kolmogorov-Smirnov (KS) tests. The well-known
KS tests and the supremum version of Anderson-Darling type tests represent boundary
cases in this class. A summary of results for one-sample weighted KS tests can be
found e.g. in [1]. In this talk we focus on various properties of two-sample weighted KS
tests. Thereby, so-called local levels play a crucial role. Local levels are de�ned as local
rejection probabilities and can be viewed as a measure of local sensitivity of a test, cf.
[2]-[4]. We provide the asymptotics of weighted KS statistics and the asymptotics of the
corresponding local levels. It turns out that the one- and two-sample asymptotics may
di�er. Moreover, we show that the two-sample supremum version of Anderson-Darling type
tests asymptotically coincides with a speci�c minimum p-value test. Finally, we compare
�nite and asymptotic results in the one- and two-sample cases.
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NA 3/99Estimation of quantiles from data with additional measurement errors

We study the problem of estimating quantiles from data that contains additional measure-
ment errors. The only assumption on these errors is that the average absolute measurement
error converges to zero for sample size tending to in�nity with probability one. In particu-
lar we do not assume that the measurement errors are independent with expectation zero.
Therefore, let X,X1, X2, . . . , Xn be real-valued random variables with cumulative distribu-
tion function (cdf.) F . We assume that we only have available data X̄1,n, . . . , X̄n,n, such
that

1

n

n∑
i=1

|Xi − X̄i,n| → 0 a.s. (17)

Let F̄n be the empirical cdf. corresponding to X̄1,n, . . . , X̄n,n. Since we do not assume
anything on the nature of the measurement errors, except that (1) holds, it seems to be
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a natural idea to ignore them completely and to consider the plug-in estimate q̂X̄,n,α =

min
{
z ∈ R : F̄n (z) ≥ α

}
corresponding to F̄n for α ∈ (0, 1).

We show that this plug-in estimate approaches the quantile set

QX,α := {z ∈ R : P (X ≤ z) ≥ α and P (X ≥ z) ≥ 1− α}

asymptotically. Provided the quantile is uniquely determined, this implies that this quantile
estimate is strongly consistent for the true quantile. If this assumption does not hold, we
also show that we can construct estimators for the limits of the quantile set if the average
absolute measurement error is bounded by a given sequence, which tends to zero for sample
size tending to in�nity with probability one. Furthermore, we show that there exists no
estimator that is consistent for every distribution of the underlying random variable and
every data containing the above mentioned measurement errors. We also derive the rate of
convergence of our estimator and show that the derived rate of convergence is optimal.
The results are applied in simulations and in the context of experimental fatigue tests.
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NA 2/99The Limit Distribution of weighted L²-Goodness-of-Fit Statistics under �xed

Alternatives, with Applications

Weighted L2-statistics have been employed for more than 30 years in numerous goodness-
of-�t testing problems. A weighted L2-statistic takes the form

Tn = n

∫
M
Z2
n(t)µ(dt),

whereM is a Borel subset of Rd, µ is a �nite measure on the Borel subsets ofM and Zn(t) =
Zn(X1, . . . , Xn, t) is a real-valued measurable function of not necessarily independent and
identically distributed (i.i.d.) Rd-valued random vectors. We assume that X1, . . . , Xn is
the beginning of an in�nite sequence X1, X2, . . ., de�ned on a common probability space
(Ω,A,P). Usually, µ is given by a nonnegative weight function w de�ned on M , and we
have µ(dt) = w(t) dt, where dt means integration with respect to Lebesgue measure on
Rd.
In a setting of i.i.d. copies X1, X2, . . . of a random vector X, weighted L2-statistics have
been used both to test a parametric hypothesis of the type

H0 : PX ∈ Q = {Qϑ : ϑ ∈ Θ},

where PX denotes the distribution of X, Q is a family of d-variate distributions indexed by
some �nite-dimensional parameter ϑ, and for testing nonparametric hypotheses, for example
testing for multivariate (re�ected) symmetry.
Results on weighted L2-statistics usually involve a nondegenerate limit distribution of Tn
under H0, the limit distribution of Tn under contiguous alternatives to H0, and a stochastic
limit of Tn/n under a �xed alternative distribution. More precisely, one has

Tn
n

P→ ∆ :=

∫
M
z2(t)µ(dt) > 0 (18)
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for some measurable function z on M . The latter result is then used to prove the consis-
tency of a GOF test that rejects H0 for large values of Tn.
By using a very general Hilbert space approach that carves out the quintessence of asymp-
totic normality of weighted L2-statistics, we will show that, under general conditions, such
statistics have centered normal limit distributions. More precisely, one has

√
n

(
Tn
n

−∆

)
D→ N(0, σ2),

where σ2 > 0 depends on the underlying distribution. Applications include an approxima-
tion of the power function of a GOF test based on Tn, an asymptotic con�dence interval
for the stochastic limit ∆ �guring in (18) and an asymptotic `inverse GOF test' which tests,
for a given value ∆0 > 0, the hypothesis that ∆ ≥ ∆0 against the alternative ∆ < ∆0.
Notice that this test is in the spirit of bioequivalence testing, since it aims at validating a
certain neighborhood of a hypothesized model.
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NA 01/99Adaptive Bayesian estimation in indirect Gaussian sequence space models

In an indirect Gaussian sequence space model lower and upper bounds are derived for the
concentration rate of the posterior distribution of the parameter of interest shrinking to the
parameter value θo that generates the data. While this establishes posterior consistency,
however, the concentration rate depends on both θo and a tuning parameter which enters
the prior distribution. We �rst provide an oracle optimal choice of the tuning parameter,
i.e., optimized for each θo separately. The optimal choice of the prior distribution allows
us to derive an oracle optimal concentration rate of the associated posterior distribution.
Moreover, for a given class of parameters and a suitable choice of the tuning parameter,
we show that the resulting uniform concentration rate over the given class is optimal in
a minimax sense. Finally, we construct a hierarchical prior that is adaptive. This means
that, given a parameter θo or a class of parameters, respectively, the posterior distribution
contracts at the oracle rate or at the minimax rate over the class. Notably, the hierarchical
prior does not depend neither on θo nor on the given class. Moreover, convergence of the
fully data-driven Bayes estimator at the oracle or at the minimax rate is established
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NA 3/99Nonparametric estimation of time-dependent quantiles in a simulation model

The problem of estimating a time-dependent quantile at each time point t ∈ [0, 1], given
independent samples of a stochastic process at discrete time points in [0, 1], is considered.
Therefore, quantile estimates based on a local average estimate of the time dependent cu-
mulative distribution functions are described. Additionally, importance sampling is applied
in a simulation model to construct quantile estimates which achieve better rates of conver-
gence. Results concerning the rate of convergence of these two estimates are derived under
the assumption that the quantiles depend smoothly on t.
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NA 2/99A test for independence based on the probability weighted empirical

characteristic function

It is well known that the components of a random vector X = (X1, . . . , Xp)
′ are stochas-

tically independent if and only if the characteristic function φX of the vector is equal to the
product of the marginal characteristic functions, i.e.

φX(t) =

p∏
m=1

φXm(tm) ∀t = (t1, . . . , tp)
′.

Hence, tests for independence can be based on the comparison of the empirical counterparts
of these functions. Kankainen and Ushakov (1998) propose a distribution-free test based
on a statistic of L2-type. Consistency of the test can be proven for every weighting
measure Q that is absolutely continuous with respect to Lebesgue measure and satis�es
0 < Q(Rp) < ∞. Of course, the �nite sample performance of the test heavily relies on
the choice of Q. Therefore, we propose a data-driven choice of the weighting measure.
The resulting test statistic may be written in a closed form convenient for computer
implementation. We derive its asymptotics under the null based on new results on weighted
empirical characteristic function processes. Moreover, our test inherits consistency from
the test of Kankainen and Ushakov (1998). Simulations show that the new test compares
well to standard methods of testing independence.
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HZO80Anti-Proportional Bandwidth Selection for Smoothing Sparse and Non-Sparse
Functional Data with Covariate Adjustments

Objective: This paper deals with the nonparametric estimation of the conditional mean
and the conditional covariance function of a stationary time series of weakly dependent
random functions with covariate-adjustments. As in the context of sparse functional data,
it is assumed that only the noisy discretization points of the random functions are observable.
Material and methods: Our research is motivated by the problem of estimating and testing
the di�erences in the electricity prices before and after Germany's abrupt nuclear phaseout
after the nuclear disaster in Fukushima Daiichi, Japan, in mid-March 2011. In order to
estimate the conditional mean and the conditional covariance functions we use classical
nonparametric multivariate local linear estimators.
Results and conclusion: Our asymptotic results include all cases from sparsely to densely
sampled discretization points per function and therefore take into account the vague cases
typically found in applications. We show that the asymptotic �rst- and second-order variance
terms of the estimators can switch places depending on the asymptotic scenario. This has
a surprising e�ect on the solution of the involved multiple bandwidth selection problem. By
contrast to all classical bandwidth results, it becomes optimal to choose the bandwidths
anti -proportionally to each other as soon as the number of observed discretization points
per function is diverging at a certain (relatively slow) rate.
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NA 2/99Simultaneous con�dence bands for the trend function

The estimation of trends is an important problem in time series analysis. We consider a
nonparametric regression model with a stationary and strong mixing error process. Our aim
is to construct simultaneous con�dence bands. Therefore, we propose model-free bootstrap
methods for dependent random variables, a blockwise dependent wild bootstrap method
and an autoregressive dependent wild bootstrap method. Both are modi�cations of the
dependent wild bootstrap which was introduced by Shao (2010). These methods ensure
that we capture the dependence of the error process and are used to replicate an invariance
principle. Then we show how our results can be applied to construct simultaneous con�dence
bands for a nonparametric trend function.
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HZO60Evading the curse of dimensionality in nonparametric density estimation with
simpli�ed vines

Objective: Practical applications of nonparametric density estimators in more than three
dimensions su�er a great deal from the well-known curse of dimensionality: convergence
slows down as dimension increases. We will show that one can evade the curse of dimen-
sionality by assuming a simpli�ed vine copula model for the dependence between variables.
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Material and methods: We formulate a general nonparametric estimator for such a model
and analyze its behavior by asymptotic theory and extensive simulations.
Results and conclusion: The estimator is consistent for simpli�ed vine densities and it's
convergence rate does not depend on dimension. Simulation experiments illustrate a large
gain in �nite sample performance when the simplifying assumption is at least approximately
true. But even when it is severely violated, the vine copula based approach proves advan-
tageous as soon more than a few variables are involved.
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HZO60Nonparametric estimation of isotonic conditional mean functions

We consider the problem of estimating an isotonic conditional mean function. A popular
estimator is the isotonic least squares estimator which has the striking property that no
smoothing parameter (bandwidth etc.) has to be chosen. It is known that this estimator
attains the optimal rate of convergence in dimension p = 1, however, in higher dimensions
only consistency of this estimator has been proven so far. Our focus is on the multivariate
case where the explanatory variable contains a p-dimensional subvector with a continuous
distribution and a q-dimensional discrete component. We show under a uniform mixing
condition that a modi�cation of the isotonic least squares estimator converges with the
minimax rate of n−1/(2+p).
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NA 01/99Locally Adaptive Con�dence Bands

We develop locally adaptive con�dence bands in density estimation. In contrast to those
previously proposed in the literature, their width is locally variable and shown to adapt
to the unknown local smoothness except for a nowhere dense subset with respect to the
underlying Banach norms (i.e. of �rst Baire category). They even attain the 'density-
dependent minimax speed of convergence' as introduced in Patschkowski and Rohde (2016),
and we do not require the densities to be uniformly compactly supported and bounded away
from zero. On a technical level, the crucial ingredient is the identi�cation of a stationary
process as a least favorable case. Although this least favorable case statistics still depends
on the underlying density, its asymptotic quantiles turn out to be universally those of the
standard Gumble distribution.
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HZO80Simultaneous inference for the non-parametric Berkson errors-in-variables
regression model

In this talk we consider a measurement error model of Berkson type in a non-parametric
regression context. We discuss the case where the predictors are �xed up to a centered
random error which corresponds, for instance, to experimental situations in which a machine
setting cannot be adjusted precisely but only with noise.
We propose an estimator that takes the error in the predictor into account and derive uniform
con�dence statements for the unknown regression function. The con�dence statements are
based on a Gaussian approximation result and an anti-concentration inequality.
In a simulation study we investigate the performance of our con�dence sets. In particular
we analyze the procedure with respect to its performance in comparison to the case of a
misspeci�ed model, where the errors in variables are not taken into account, and show that
a misspeci�cation can lead to considerable misinterpretations of the data.
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HZO80Conditional Density estimation in a functional Binary Choice Model

Nonparametric density and conditional density estimation of mixed continuous and categor-
ical data play a role when logit or probit models are generalized to a nonparametric setting.
In the case of a real vector of continuous observations this has already been considered by
Li and Racine (2003) and Bontemps, Racine and Simioni (2009). We follow this approach
and generalize the conditional density estimator to the case of a nonparametric conditional
density estimator of a categorical variable given functional data.
We start with observations (Xi, Yi), i = 1, . . . , n independent identically distributed with
the same distribution as (X , Y ) where Y is a categorical variable and X a functional one
located in a (semi-) metric space (E, d) such that P (Y = y|X = χ) =: fY |X (y|χ) exists.
Our estimator of that conditional density is

f̂Y |X (y|χ) =
∑n

i=1K
(d(Xi,χ)

h

)
[(1− λ)I{Yi=y} + λI{Yi ̸=y}]∑n
i=1K

(d(Xi,χ)
h

)
where K is an asymmetric kernel, h is the bandwidth for the functional variable and λ the
one for the categorical variable. The estimator di�ers from the standard frequency estimator
by the possibility of smoothing also over the categorial variable using a discrete kernel and
an additional bandwidth.
We prove strong consistency of the estimator, derive convergence rates and show the asymp-
totic normality. Finally we show the �nite sample performance for some representative
models in a simulation study and give hints on the bandwidth choice.
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HZO80Optimal adaptation for early stopping in statistical inverse problems

For iterative solvers of linear equations it is well known that stopping the iterations early
prevents over�tting. For statistical inverse problems, observing Y = Aθ+ϵ with A ∈ Rd×d,
ϵ ∼ N(0, δ2ED), the iterations yield a sequence of estimators θ̂0, θ̂1, . . . , θ̂m, which are
usually ordered such that their stochastic error (variance) grows, while their approximation
error (bias) decreases. We ask for a stopping time m̂, only depending on the already cal-
culated estimators, such that θ̂m̂ balances both error types.
So far, adaptive methods based on model selection criteria or on Lepski's approach required
to �x the number m of iterations �rst and then to choose some m̂ ∈ {0, 1, . . . ,m} adap-
tively. Often m̂ is much smaller than m and computational e�ciency is wasted or due
to time/storage constraints m is chosen too small. A sequential lower bound for spectral
cut-o� shows that no adaptative stopping is possible if only the estimators are known. If
we add the residuals (empirical risks) of the estimators, which are easy to calculate, then
optimal adaptation, as obtained by classical adaptive methods without the stopping time
restriction, is indeed possible, but only up to a certain maximal smoothness. For an easy
stopping rule a remarkably clear theory can be developed with precise oracle inequalities
and we shall draw parallels with the discrepancy principle in deterministic inverse problems.
The stopping rule and main arguments are surprisingly simple and best understood for the
spectral cut-o� method. In general, we consider linear methods and discuss speci�cally the
Tychonov and Landweber method. This also sheds new light on the so called discrepancy
principle as stopping criterion from numerical analysis.
(joint work with Gilles Blanchard, Marc Ho�mann)
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NA 01/99Skewness-kurtosis adjusted decisions

In case sensitive preparing of the machine settings of a machine tool, second and higher
order moments of a manipulated variable X do not change from one machine adjustment
to another one and may be considered being known over time.
We are looking for skewness-kurtosis adjustments of both the common test of the hypoth-
esis that the expectation of X attains a certain value and the moderate local alternative for
considering the test's power. Based upon a large deviation result by S.V. Nagajev (1965)
and V.V. Petrov (1968), such adjustments are introduced here in a way such that the two
types of error probabilities are tending to zero as the sample size increases, see [1].
At the same time, true non-covering probabilities and local non-true covering probabilities
of skewness-kurtosis adjustments of classical con�dence intervals for the expectation of
X are exactly controlled by an L.V. Osipov (1975)- type condition while tending (not too
fast) to zero.
Moreover, corresponding higher order test equivalence is discussed according to [2].
The results give a new view onto the interplay of asymptotic statistics based upon
asymptotic normality and moderate local asymptotic normality if the random variables
under consideration satisfy a condition due to Yu.V. Linnik (1965).
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NA 3/99Three simple multivariate Kolmogorov-Smirnov type goodness of �t tests based

on lattice-valued quantiles

Objective(s): In multivariate statistics there are a lot of generalizations of the Kolmogorov-
Smirnov test, like the test of Peacock (1983, Mon. Not. R. astr. Soc.), Fasano and
Franceschini (1987, Mon. Not. R. astr. Soc.) or Justel, Pena and Zamar (1997, Statistics
& Probability Letters). We introduce other generalizations of the Kolmogorov-Smirnov
test based on an order-theoretic approach. These tests are reasonable if an order-theoretic
understanding that emphasizes pointwise dominance is appropriate. This is the case for
example in multivariate poverty measurement.
Material and methods: It is well known that for univariate real-valued random variables
X and Y the distribution function FX (and FY respectively)

1. characterizes the whole distribution of X,

2. provides the pivot-random variable FX ◦X and

3. characterizes stochastic dominance between X and Y .

For an i.i.d. sample X1, . . . , Xn the associated empirical distribution function F̂n allows
goodness of �t tests based on the process F̂n(x) − F0(x) that are essentially distribution
free. Also stochastic dominance can be consistently tested with this process. However,
this does not hold anymore in the case of multivariate or lattice-valued random variables.
We develop a counterpart (called level function λX) of the distribution function for lattice
valued random variables that still satis�es property 2 (but generally not properties 1 and 3).
The main idea here is to develop a quantile concept for lattice valued random variables and
to map every data point x to the smallest quantile greater than or equal to x. Additionally,
we introduce the concept of stochastic pseudo-dominance that relies on the level function.
Results and conclusion(s): With the help of the level function we are able to establish 3
di�erent tests:

1. A goodness of �t test based on the distribution of the level function (similar in spirit
to tests based on Kendall's process, cf., Genest and Rivest (1993, J. Amer. Statist.
Assoc.)). This test is distribution free.

2. A goodness of �t test based on the statistic sup |λ̂n(x)− λ0(x)| that is identical to
the �rst test in the univarate case.

3. A permutation test for testing di�erences of the level function in two subpopulations.
This test can also be applied to test stochastic pseudo-dominance.
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HZO60Lower bounds for the rates of convergence in estimation under multi-index
constraint

In the framework of multivariate function estimation one seeks lower bounds for the minimax
risk. One assumes that the function to be estimated possesses a multi-index structure where
neither the link function nor the index vectors are known. For example, in regression this
assumption means that the expectation of the response is de�ned by the response given
the projection of the covariate vector onto a low-dimensional subspace. Therefore, this
convenient dimension reduction approach is a compromise between the parametric and fully
nonparametric models. In the present work we revise the minimax approach for obtaining the
lower bounds under pointwise losses. The obtained results show that imposing the structural
constraints leads to new types of minimax lower bounds for "standard� nonparametric
models.
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NA 2/99On Properties of Support Vector Machines for Non-i.i.d. Observations

Today support vector machines (SVMs) and other regularized kernel methods are an im-
portant tool in statistical machine learning to solve classi�cation and regression problems.
They are already successfully applied to independent and identically distributed (i.i.d.) ob-
servations as well as to non-i.i.d.,observations. However almost all theoretical results are
based on data generating processes which consist of i.i.d.,random variables. Under weak
assumptions on the loss function and the kernel, SVMs provide useful properties such as
uniqueness and existence. Moreover consistency, qualitative robustness as well as qualitative
robustness for bootstrap SVM estimators have already been shown for the i.i.d.,case.
We tried to enlarge the results concerning qualitative robustness and consistency to a certain
kind of non-i.i.d.,processes. For example: qualitative robustness of a sequence of estimators
is, according to Huber (1971), ensured by the continuity of the corresponding statistical
functional. This can be enlarged, without additional assumptions on the loss function or
the kernel, to data generating processes which provide convergence of their empirical mea-
sure to a probability measure or processes which ful�ll a law of large numbers. Qualitative
robustness for the bootstrap SVM estimators requires a uniformly continuous functional,
again this result can be enlarged to a certain kind of non-i.i.d.,processes, in particular to
independent and not necessarily identically distributed random variables. To ensure consis-
tency for such kinds of non- i.i.d.,processes some weak additional assumptions on the SVM
are needed.
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NA 3/99Nonparametric quantile estimation using surrogate models and importance

sampling

Objective: Considering a Rd-valued random variable X with known density f : Rd → R
and a function m : Rd → R, for α ∈ (0, 1) the α-quantile of m(X), i.e.

qm(X),α = inf
{
y ∈ R : P{m(X) ≤ y} ≥ α

}
is to be estimated. Here m : Rd → R is a black-box function which can be computed at
any point x ∈ Rd, but which is costly to evaluate. The overall number of evaluatioins of
m will be bound by some positive integer n.
Here a nonparametric quantile estimate using importance sampling is presented which is
based on an estimate (surrogate) mn of m and on an initial estimate q̃(init)m(X),n,α of qm(X),α.
Method: The main idea of the presented method is to modify the random variable X such
that we obtain a new random variable Z for which m(Z) is more likely to generate values
near qm(X),α. After that a sample of m(Z) is used to estimate this quantile, using order
statistics.
Roughly speaking the construction of Z occurs as outlined as follows: Some surrogate mn

of m is constructed and an initial estimate of the true quantile is generated. Thereupon
the initial quantile estimate is used to identify an interval I which contains qm(X),α with
large probability. Finally X is restricted to the preimage of I under mn.
Results and conclusion: Naturally the performance of the method described above de-
pends on the quality of the surrogate mn of m and of the initial quantile estimate. So let
δn > 0 be an upper bound on the total error of the surrogate mn and let ηn > 0 be such
that ∣∣∣q̃(init)m(X),n,α − qm(X),α

∣∣∣ = OP (ηn) ,

where we write Xn = OP(Yn) if the nonnegative random variables Xn and Yn satisfy

lim
c→∞

lim sup
n→∞

P{Xn > c · Yn} = 0.

Then if m(X) has a continuous density which is positive at qm(X),α it can be shown that
the absolute error of the proposed quantile estimate is of order

OP

(
δn + ηn · log(n)√

n

)
.

In particluar under some suitable assumptions on the smoothness of m a rate of

OP

(
log(n)p+4

n1/2+2p/d

)
can be achieved, for some p ∈ (0, 1].
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NA 01/99Weighted tests for distributional change in long-memory processes

We study changes in the marginal distribution of a long range dependent time series
{G(Xi)}i≥1, where {Xi}i≥1 is Gaussian with non summable autocovariances and G a
measurable function. Tests for such change points are commonly based on Kolmogorov-
Smirnov and Cramèr-von Mises statistics, for example

max
1≤k<n

sup
x∈R

∣∣∣∣∣
k∑

i=1

1{G(Xi)≤x} −
k

n

n∑
i=1

1{G(Xi)≤x}

∣∣∣∣∣ .
Our simulation study shows how the combination of strong dependence and change points
occurring near the beginning or near the end of the observation period drastically reduces
the power of these tests. We therefore consider weighted versions of the statistics mentioned
above. To calculate critical values for this tests we proof a weighted version of the non-
central limit theorem of Dehling and Taqqu, namely 1

dn

⌊nt⌋∑
i=1

(1{G(Xi)≤x} − F (x))/q(t)


t,x

D−→
{
Jm(x)

m!

Zm(t)

q(t)

}
t,x

.

The function Jm(x) is deterministic and usually unknown. In order to estimate it, we
consider a bootstrapped empirical process and derive its limit behavior. The structure of
the stochastic process Zm(t), e.g. the marginal distribution and the covariance structure,
depends on the Hemite rank, that is

m = min
{
q > 0 | E[1{G(X1)≤x}Hq(X1)] ̸= 0 for some x

}
,

where Hq is the q-th order Hermite polynomial. A special feature of distributional changes
is the fact that the Hermite rank may change, too. We consider local alternatives covering
this scenario, and as a result we may derive the asymptotic power of the change point test
here.
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NA 2/99Consequences of an Axiomatic Approach to Hierarchical Clustering of Measures

Objective(s): Clustering is an important area of machine learning. Yet there is no common
precise notion of its general objectives. Establishing axioms for clustering hence is a �rst step
towards a mathematical theory of clustering. Furthermore, clustering has to be understood
not only for �nite samples but also for entire probability distributions.
Material and methods: Thomann, Steinwart, Schmid (2015) proposed a novel approach
to axiomatic clustering. As in any axiomatic system there is a user choice: On one hand
the clusters for some elementary measures are stipulated by the user. On the other hand a
topological separation relation has to be speci�ed. Then two additivity and one continuity
axiom are shown to yield a unique notion of clustering for a large set of distributions. Note
that this is done without the need of any notion of metric, similarity or dissimilarity and it
is completely parameter-free!
Results and conclusion(s): We will investigate several consequences of this approach:
We illustrate the theory with some examples and compare it to established algorithms of
hierarchical clustering. We also investigate some applications of this approach.

Daniel Vogel1

1University of Aberdeen, Institute of Complex Systems and Mathematical Biology, Old
Aberdeen

04.03.2016
S9 | 09:00
NA 01/99Spatial Sign Correlation

A robust correlation estimator based on the spatial sign covariance matrix is proposed.
We derive its asymptotic distribution and in�uence function at elliptical distributions. Fi-
nite sample and robustness properties are studied and compared to other robust correlation
estimators by means of numerical simulations. The proposed correlation estimator has a
variety of nice properties. It is fast to compute, distribution-free within the elliptical model,
as e�cient as similarly robust estimators, and its asymptotic variance admits an explicit
form, which facilitates inferential procedures.
Its main drawback is the ine�ciency under strongly shaped models, i.e., where the eigen-
values of the shape matrix strongly di�er. The e�ciency may be largely improved by a
prior componentwise standardization. We establish the asymptotic normality of the thus
obtained two-step estimator, and show that the loss due to having to estimate the marginal
scales � as compared to known scales � is nil asymptotically. An important consequence
is that the asymptotic variance of the two-step estimator only depends on the correlation
coe�cient itself. This allows to devise a variance-stabilizing transformation in the same
vein as Fisher's z-transformation, but which is valid for all elliptical distributions.
The talk is based on joint work with Alexander Dürre, Roland Fried and David Tyler.
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HZO60Structural break detection using Fourier methods

Objective: Our aim is to test the hypothesis that a parameter of a distribution such as
the volatility is constant throughout a sequence of variables. In the alternative case the
parameter changes its value once or several times leading to structural breaks in the process
under study.
Material and methods: Under the null hypothesis the modulus of a Fourier type trans-
formation of the parameter process is identically equal to one. The approach proposed
utilizes this property considering a canonical estimator for this modulus. Thereby, we as-
sume independent and piecewise identically distributed observations with zero mean. Using
blockwise estimators we introduce several test statistics resulting from di�erent weight func-
tions which are all given by simple explicit formulae. The testing is conducted either by
the permutation principle or using asymptotic results sketched in the presentation. The
main idea for the latter is to view the test statistic as an U-statistic constructed from the
blockwise parameter estimates. Since the distribution of these estimates varies with the
sample size, a new LLN and a CLT need to be proven. Both methods are compared to
other tests for constant volatility in extensive Monte Carlo experiments. In addition, we
apply our methods to exchange rate data and shown how they can be adapted to test for
constancy of other quantities like the kurtosis.
Results and conclusion(s): In comparison to their competitors our proposals o�er good
power particularly in the case of multiple structural breaks and they estimate the positions
of the structural breaks adequately.
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Section 10: Statistics of Stochastic Processes
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HZO80The microscopic foundations of volatility statistical properties

In this talk, we will �rst review a series of statistical stylized facts of the volatility process
typically encountered in �nancial data. We will in particular focus on the rough nature of the
volatility, its persistence properties, and on the so-called leverage e�ect. In the second part
of the talk, we will show how such features can be explained from a microscopic point of
view. More precisely, we will introduce speci�c point processes (Hawkes processes) enabling
us to model accurately the agents behaviour on �nancial markets at the high frequency
scale. Then we will demonstrate that the volatility arising from the long term dynamics of
such point processes enjoys the properties detailed in the �rst part of the talk.
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NA 3/99Nonparametric change-point analysis of volatility

Objectives: We develop nonparametric change-point methods for statistics of high-
frequency data. The interest is in the stochastic volatility process of an Itô semi-martingale,
the latter being discretely observed over a �xed time horizon. We derive a test to discrim-
inate continuous paths from paths comprising volatility jumps. We further construct a
nonparametric change-point test which allows to infer changes in Hurst parameters of frac-
tional volatility processes.
Material and methods: We rely on methods from change-point analysis combined with
stochastic analysis and calculus for Itô semi-martingales. Minimax-optimality of tests is
based on Ingster's classical theory.
Results and conclusions: In a high-frequency framework, we prove weak convergence of
the test statistic under the hypothesis to an extreme value distribution. Minimax-optimality
for the tests is established by lower and upper bound results.
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NA 3/99'Change in space'-point estimation for di�usion processes

Let (Xt, t ≥ 0) be a homogeneous ergodic di�usion process with di�usion coe�cient
(volatility) of the form σ(x) = α for x ≤ ρ and σ(x) = β for x > ρ. The 'change in space'-
point (point of discontinuity) ρ is an unknown parameter to be estimated and α and β are
two unkown real numbers. The estimation is based on discrete data Xk∆, k = 0, 1, . . . , n,
and the asymptotics are taken for high frecuency data, i.e. ∆ → 0 and n∆ → 1 as n→ ∞.
We propose an estimator for the 'change in space'-point ρ and prove its rate-optimality.
We further compare the e�ciency of our estimator with the e�ciency of other classical
estimators from the change-point literature.
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NA 3/99Scale invariant volatility estimation in scalar di�usions

Consider a time-homogeneous Itô di�usion process X on state space S ⊂ R with local
dynamics governed by a drift function b and volatility σ. For given ∆ > 0 and N ∈ N we
observe the process X at equidistant times ∆, 2∆, ..., N∆. In this talk, we will propose an
identi�cation method of the function σ, optimal regardless of the observations frequency
∆−1.
The statistical nature of the volatility estimation problem depends heavily on the sampling
frequency. When∆ is small, process dynamics can be inferred from the observed increments.
On the other hand, when ∆ is �xed, the corresponding observations form a Markov chain
and the time in�nitesimal dynamics are not directly observable. The di�erent structure
of the high and low frequency observations is re�ected in the properties of the estimation
methods. Typically, the high frequency estimators are localized. On the other hand, the
low-frequency spectral estimator is global - the estimated volatility function depends on
every single observation. Furthermore, in the low frequency regime the estimation problem
is ill-posed, which is re�ected in the rate N−1/5, opposed to the typical nonparametric rate
N−1/3 attained for Lipschitz functions in the high-frequency setting. Due to the structural
di�erences of the low and high frequency data, the performance analysis of the universal es-
timator combines di�erent methods from the theory of linear operators, stochastic analysis,
continuous semimartingales and the Perron-Frobenius theory of nonnegative matrices. In
the talk we introduce a nonparametric, scale universal volatility estimation method. Con-
struction of the estimator does not depend on the relation of the sampling distance ∆ to
the time horizon T , hence is scale invariant. Being based on the spectral method, pre-
sented estimator satis�es the optimal low frequency minimax rates. When ∆ becomes
small, thanks to a suitable choice of linear spline basis, proposed estimator becomes close
to the benchmark high-frequency Florens-Zmirou estimator. We show that, under appro-
priate asymptotic assumptions, it attains optimal minimax convergence rates of N−1/3 and
N−1/5, respectively for the high and low frequency data.
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NA 3/99Limit Theory for Lévy Semistationary Processes

Less than ten years ago, Barndor�-Nielsen and Schmiegel [1] introduced a �exible class of
tempo-spatial random �elds, called ambit �elds, for the purpose of modeling velocities in
turbulent �ows. Since then, this model has been shown to be widely applicable throughout
a variety of sciences, examples being modeling of cell growth in biology and modeling of
electricity day-ahead prices in �nance. In particular, attention has been given to Lévy
semistationary (LSS) processes, a subclass of null-spatial ambit �elds de�ned as

Xt =

∫ t

−∞
(g(t− s)− g0(−s))σs dLs. (19)

Here, (Lt)t∈R is a Lévy process, g and g0 are deterministic functions, and (σt)t∈R is a
predictable process. We consider symmetric pure jump Lévy processes as integrators and
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investigate the �rst order asymptotics of the realised power variation

V (X, p)nt =

[tn]∑
i=1

|Xi/n −X(i−1)/n|p

for n→ ∞.
In the recent publication [2] the authors developed the limit theory for pure jump Lévy
driven moving average processes, that is, processes of type (1) with σ constant. We
generalise this theory to LSS processes with a nontrivial σ process. In the framework of
turbulence modeling, the process σ is called intermittency and plays a key role, comparable
to that of volatility in �nance. Our proofs frequently utilise decoupling inequalities for
stochastic integrals.
It turns out that the limiting behavior of V (X, p)nt depends heavily on the interplay
between the power p, the Blumenthal�Getoor index of the driving Lévy process L, and
the behavior of g at 0 which is determined by the parameter α > 0. Depending on these
parameters, the �rst order asymptotics of V (X, p)nt can be divided into three di�erent
regimes, with not only di�erent limits and rates of convergence but also di�erent modes of
convergence.

References:
[1] O.E. Barndor�-Nielsen and J. Schmiegel (2007): Ambit processes; with applications
to turbulence and cancer growth. In F.E. Benth, Nunno, G.D., Linstrøm, T., Øksendal,
B. and Zhang, T. (Eds.): Stochastic Analysis and Applications: The Abel Symposium

2005 .Heidelberg: Springer. Pp. 93�124.
[2] A. Basse-O'Connor, R. Lachiéze Rey and M. Podolskij (2015), Limit theorems for
stationary increments Lévy driven moving average processes, available at arXiv:1506.06679

Michael Ho�mann1, Mathias Vetter2, Holger Dette1, Axel Bücher1

1Ruhr-Universität Bochum, Fakultät für Mathematik, Lehrstuhl für Stochastik, Bochum
2Christian-Albrechts-Universität zu Kiel, Mathematisches Seminar, Kiel

02.03.2016
S10 | 15:30

NA 3/99Nonparametric tests for detecting breaks in the jump behaviour of a
time-continuous process

The distribution of an It	o semimartingale is determined by three characteristic quantities
(bs, σs, νs), where all information about the jump behaviour of the process is contained in
the transition kernel νs. The aim of this work is to derive test procedures to detect changes
in νs and to deduce suitable estimators for the change point in case of a structural break.
The test statistics are based on functionals of a sequential empirical tail integral process,
which is calculated from high frequency data of the underlying It	o semimartingale. For these
empirical processes we prove weak convergence to a Gaussian process in an appropriate
function space by generalizing methods to estimate the Lévy measure of a Lévy process.
The limit distribution depends in a complicated way on the unknown jump compensator νs
and therefore a multiplier bootstrap procedure is introduced. The proposed tests consist in
comparing the crucial statistics either with quantiles of the Kolmogorov-Smirnov-distribution
or with empirical bootstrap quantiles, while the estimators for the change point are argmax
functionals of the considered empirical processes.
The test procedures keep the nominal level asymptotically and furthermore the tests as well
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as the estimation techniques are consistent under the alternative. Additionally, the �nite
sample performance of the illustrated methods is investigated in a large scale Monte Carlo
simulation study.
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NA 3/99Nonparametric estimation of the kernel function of symmetric stable moving
average processes

In this talk we consider stochastic processes of the form

X(t) =

∫
R
f(t− s) Λ(ds), t ∈ R,

where f : R → R is an unknown, deterministic function and Λ is a symmetric stable
random measure. For example, CARMA processes are of this form. Our aim is to derive a
non-parametric estimator for f . We assume that the stochastic process is observed at times
tj,n := j∆n, j = 1, . . . , n, where (∆n)n∈N is a sequence with ∆n → 0, but n∆n → ∞
as n→ ∞, i.e. the observation interval tends to zero and the observation horizon tends to
in�nity.
We obtain a weakly consistent estimator for f/∥f∥, if f is symmetric and of positive type,
where the distance between f/∥f∥ and an estimation is measured in L2(R) sense. An
essential tool for the construction of this estimator is the self-normalized periodogram

In,X(λ) =
|
∑n

j=1X(tj,n)e
itj,nλ|2∑n

j=1X(tj,n)2
.

We will show that a smoothed version of the self-normalized periodogram converges in
probability to the normalized squared absolute value of the Fourier transform of f . Thanks
to the assumption that f is symmetric and of positive type we can reconstruct the Fourier
transform of f and thus f itself up to a scalar factor. We will also discuss the extension of
these results to random �elds indexed by Rd.
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HZO80Statistical inference for fractional Lévy processes and related models

This talk is devoted to a statistical inference for the integrals of the type

Zt =

∫
R
K(t, s)dLs,

where K(t, s) : R+ × R+ → R is a deterministic function, and Lt is a Lévy process.
Popular partial cases of this model are: (1) fractional Lévy process: K1(t, s) := (Γ(1 +
γ))−1

[
(t− s)γ+ − (−s)γ+

]
, where γ > 0, see [1]; (2) well-balanced Ornstein-Uhlenbeck

process: K2(t, s) := e−|t−s|, see [2].
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In this research we study the problem of statistical inference for the Lévy density ν(·) of
the process Lt from the observations of the process Zt. The proposed estimator is based
on the worth mentioning that the Mellin transform of the function ν̄(x) := xν(x), denoted
below by M[ν](z) =

∫
R+
xz−1ν̄(x)dx, z ∈ C, is equal to

M[ν](z) =
M[Ψ′](1− z)

Γ(1− z)M[ρ](z)
, (20)

where ρ is some function constructed from the function K(t, s), and Ψ(u) =
log
{
E
[
e−uZt

]}
is the Laplace exponent of Zt. Formula (1) yields that the Mellin

transform of ν, and therefore ν itself, can be estimated by getting use of the estimator of
M[Ψ′], which is based in its turn by the natural non-parametric estimator of the Laplace
transform of Zt.
As the result of this study, we construct a consistent estimator for the Lévy density
ν(·), derive the convergence rates and prove their optimality. We derive also the mixing
properties of the process Zt, which draw particular interest from the theoretical point
of view. To the best of our knowledge, all of these questions haven't been addressed before.
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NA 3/99Adaptive invariant density estimation and testing in anisotropic di�usion models:
A functional inequalities approach

Consider an ergodic Rd-valued di�usion process X = (Xt)t≥0 with unique invariant pro-
bability measure and associated invariant density ρ, and assume that a continuous record
of observations XT = (Xt)0≤t≤T of X is available.Recent results on functional inequalities
for symmetric Markov semigroups are used in the statistical analysis of kernel estimators
ρ̂T = ρ̂T (X

T ) of ρ. Both strong and weak convergence properties are studied.
For the basic problem of estimation with respect to sup-norm risk, we suggest an estimator
which adapts to the unknown smoothness over a scale of anisotropic Hölder balls. We prove
oracle inequalities and derive convergence rates for the invariant density estimator which are
faster than known for standard multivariate density estimation from i.i.d. observations. As
a consequence of our study of the "plug-in� properties of ρ̂T , we provide neat uniform limit
theorems for functions in the domain of the Markov di�usion generator as they occur in
di�erent applications. The statistical analysis of the proposed multivariate di�usion model
is complemented by discussing the question of how to test for isotropy versus anisotropy.
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NA 3/99Low-rank di�usion matrix estimation for high-dimensional time-changed Lévy
processes

Lévy processes are one of the main building blocks for modeling stochastic processes in
biology, �nance and physics. While nonparametric inference for one dimensional Lévy pro-
cesses is nowadays well understood, there are surprisingly few results for multidimensional
Lévy or related jump processes. Possible applications demand however for multi- or even
high-dimensional methods, for instance, in view of large portfolios and a huge number of
assets traded at the stock markets.
In this talk we study the estimation of the di�usion matrix Σ of a high-dimensional, possibly
time-changed Lévy process, based on discrete observations of the process with a �xed dis-
tance. A low- rank condition is imposed on Σ. Applying a spectral approach, we construct
a weighted least-squares estimator with nuclear norm penalisation. We prove oracle in-
equalities and derive convergence rates for the di�usion matrix estimator. The convergence
rates show a surprising dependency on the rank of Σ and are optimal in the minimax sense.
Theoretical results are illustrated by a simulation study.
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HZO80Statistical inference for fractional Lévy processes

Fractional Lévy processes provide a generalization of fractional Brownian motion combining
the correlation structure of fractional Brownian motion with in�nitely divisible marginals
coming from the Lévy process. Hence these processes may capture long and short range
dependence as it is desirable for applications in �nance and physics.
So far inference for fractional Lévy processes has mainly been concerned with the estimation
of the Hurst parameterH assuming that the driving Lévy process is known. We now consider
the estimating problem for the driving Lévy process using a suitable integral transform.
Furthermore, we show that this method may also be used to construct improved estimators
for the Hurst parameter, which provide a smaller variance than the standard estimators,
especially for large H.
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Section 11: High Dimensional Inference

Valen Johnson1, Anirban Bhattacharya1,2, Amir Nikooienijad1,2, Nilotpal
Sanyal1,2,3, Minsuk Shin1,2, Wenyi Wang3

1Texas A&M University, Statistics, College Station
2Texas A&M University, College Station

3MD Anderson Cancer Center, Bioinformatics and Computational Biology, Houston
03.03.2016
S11 | 10:30

HZO70Aspects of ultrahigh dimensional feature selection using non-local priors

Various aspects of performing feature selection in ultrahigh dimensional setting based on a
new class of Bayesian procedures are discussed. Particular emphasis is placed on the selec-
tion of hyperparameters (i.e. tuniing parameters) in these methods, and e�cient strategies
for model estimation and inference. Comparisons with other Bayesian and penalized likeli-
hood methods will be explored in a several simulation studies, as well as in actual genomic
applications.

Julia Benditkis1

1Heinrich Heine Universität, Probability theory and mathematical statistics, Düsseldorf
03.03.2016
S11 | 18:30

NA 3/99Control of Expected Number of False Rejections and False Discovery Rate under
Martingale Dependence

An important and challenging problem in multiple testing theory is the construction
of valid and, at the same time, powerful multiple testing procedures that control an
appropriate Type I error rate. One of the well-known error rates is the so called False
Discovery Rate (FDR) and Expected Number of False Rejections (ENFR). There are many
multiple testing procedures that control the FDR under independence (cf. Storey et al
[2004], Gavrilov et al [2010]). Unfortunately, independence of the underlying single tests
and their test statistics are rare in practice.
The main focus of this talk lies on step down (SD) procedures which control the FDR
and the ENFR for a �nite number of null hypotheses. The underlying test statistics are
assumed to ful�ll some special dependence assumptions.
An important role plays thereby so called Asymptotically Optimal Rejection Curve (AORC),
which was proposed by Finner et al. [2009]. With help of the martingale methods we
expand upon the results on the FDR and ENFR-control of Gavrilov et al. [2010] and
Scheer [2012].
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NA 3/99The power of tests for signal detection in high-dimensional data

In modern studies the detection of sparse signals, i.e. the signals are rare and weak,
becomes more and more important, for example in genetics. Ingster (1997) discussed the
behaviour of the log-likelihood ratio test (LLR) for the normal sparse mixture model, i.e.
the data are normal distributed. Donoho and Jin (2004) suggested to use Tukey's higher
criticism (HC) for this setting in practice because the area of complete detection is the
same for LLR and HC (asympotically) but HC do not depend on the unknown parameters
in contrast to LLR, for example on the signal strength. Among others Cai et al. (2011), Cai
and Wu (2014) discussed the asympoticic behaviour and power of HC for generalisations
of the normal distribution. In this talk a very general sparse mixture model and new results
about it are presented in the above context of signal detection.
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NA 3/99Permuting Longitudinal Data despite all the dependencies

Objective: In many experiments in the life, social or psychological sciences the exper-
imental units are observed at di�erent occasions, e.g. di�erent time points. This leads
to certain dependencies between observations from the same unit and results in a more
complicated statistical analysis. Classical repeated measures models assume that the
observation vectors are independent with normally distributed error terms and a common
covariance matrix for all groups. As demonstrated by a practical data set from biometric
research, however, these two assumptions are often not met and may in�ate the type-I
error rates of the corresponding procedures.
Material and Methods: We present a di�erent approach working under covariance
heterogeneity and without postulating any speci�c underlying distribution. For such general
models only a few inference procedures are known which typically do not possess good
�nite sample properties (Brunner, 2001). For example, the asymptotic pivotal Wald-type
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test statistic (WTS) is known to be very liberal for small sample sizes and repeated
measures. We improve its small sample behavior under the null hypothesis by a studentized
permutation technique generalizing the results of Pauly et al.(2015). The methodology is
motivated by a factorial data example on the O2 consumption of leukocytes in the presence
and absence of inactivated staphylococci. In this data set we have small sample sizes,
unequal covariance matrices and repeated measurements.
Results and Conclusion: The behavior of the permutation procedure is analyzed in
extensive simulation studies with di�erent simulation designs and compared to various
competitors. Despite all the dependencies in the repeated measures design the permutation
procedure leads to astonishingly successful results. Moreover, it is rigorously proven that
the permutation test is asymptotically valid. This means that it is asymptotically exact
under the null hypothesis and consistent for �xed alternatives while providing the same
local power as the WTS under contiguous alternatives.
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NA 3/99Martingale approach for multiple testing and FDR control

Under martingale dependence the false discovery rate (FDR) of various multiple tests can
exactly be calculated. The results are key tools in order to discuss �nite sample FDR control
of these tests. Some of these results are also new when the p-values are independent. It
is shown how the famous Benjamin/Hochberg multiple test can be modi�ed. Martingale
models are also helpful for step down multiple tests. The second part of the talk discusses
adaptive multiple tests with data dependent critical values. We extend the adaptive
multiple test given by Storey. In Heesen and Janssen (2016) it is shown that a large class
of adaptive multiple tests allow the �nite sample FDR control.
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NA 3/99Spectral Analysis of High-Dimensional Sample Covariance Matrices with Missing
Observations

We study high-dimensional sample covariance matrices based on independent random vec-
tors with missing coordinates. The presence of missing observations is common in modern
applications such as climate studies or gene expression micro-arrays. A weak approximation
on the spectral distribution in the "large dimension d and large sample size n" asymptotics
is derived for possibly di�erent observation probabilities in the coordinates. The spectral
distribution turns out to be strongly in�uenced by the missingness mechanism. In the null
case under the missing at random scenario where each component is observed with the
same probability p, the limiting spectral distribution is a Mar£enko-Pastur law shifted by
(1 − p)/p to the left. As d/n → y ∈ (0, 1), the almost sure convergence of the extremal
eigenvalues to the respective boundary points of the support of the limiting spectral dis-
tribution is proved, which are explicitly given in terms of y and p. Eventually, the sample
covariance matrix is positive de�nite if p is larger than

1− (1−√
y)2 ,

whereas this is not true any longer if p is smaller than this quantity.
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NA 3/99Automatic model selection with MBO: A bridge between high-dimensional
survival analysis end e�cient model optimization

Model selection is a common task in survival analysis. For high-dimensional genetic data
as covariables in survival models, many models and algorithms for �tting these models
have been proposed. In the high- dimensional setting the selection of an optimal model is
challenging with respect to long computation times of single models, the large number of
potential models, and the additional necessity of tuning hyperparameters for many models.
Only few models have elaborate automatic internal parameter tuning. Exhaustively trying
out all models and all parameter combinations is computationally unfeasible, especially
since hyperparameters are often continuous.
We present a modern promising approach to this problem setting called model based
optimization (MBO). MBO moves e�ciently through the model hypothesis space and
simultaneously con�gures algorithm classes and their respective hyperparameters. A
so-called surrogate regression model is �tted to the model space, and the prediction
performance on test data is the dependent (target) variable. MBO iteratively suggests new
models with a classical exploration-exploitation trade-o� that prefers models with either
good performance estimates or high performance uncertainty.
We apply MBO to various lung cancer data sets with high-dimensional covariates from
the gene expression omnibus database (GEO), using the R package mlr for a uni�ed
access to survival models [1,2]. Overall MBO clearly outperforms all single algorithms
with autotuning of parameters as well as a classical benchmarking approach that can be
regarded standard in today's practice.
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NA 3/99Exact Post-Model Selection Inference: Uniformly Valid Con�dence Regions Based
on the Lasso

In a linear regression model with p variables and sample size n (where p ≤ n), we construct
con�dence regions for the unknown parameter vector based on the Lasso, thereby quan-
tifying estimation uncertainty of this estimator. We derive exact formulas for computing
the minimal coverage probability of con�dence sets (over the entire parameter space) for a
large class of shapes for the sets, thus enabling the construction of valid con�dence regions
based on the Lasso. The choice of shape for those regions as well as comparison with the
con�dence ellipse based on the least-squares estimator is also discussed. Our results close a
gap in the literature between the one-dimensional (p = 1) and the high-dimensional (p > n)
case.
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NA 3/99Divergence based Inference for High-dimensional Regression Problems:
Uncertainty Assessment, Robustness, and E�ciency

High dimensional data are ubiquitous in contemporary science and regression models are
typically used to address related inferential questions. A strategy typically adopted by
practicing statisticians is to �rst perform "exploratory analyses� and use model selection
criteria such as BIC/GCV to select an appropriate model. The chosen model then gets
treated as a "true model� and further inferences are performed. More recently, methods
such as LASSO/ALASSO/MCP and their variants also get used towards simultaneous model
selection and inference. It is now folklore that such a strategy towards inference may lead to
inaccurate standard errors for the estimates of the regression parameters, potentially leading
to erroneous decision making; also, additional complications arise if the underlying statistical
model is misspeci�ed. In this presentation, we provide a new framework, using divergences,
to assess model selection variability and identify two important sub-components: namely,
intrinsic and extrinsic uncertainty. We evaluate the e�ect of these sub-components on the
robustness and e�ciency of inference. To achieve this, we establish the joint asymptotic
distribution of the regression parameters accounting for model selection. To address the
technical issues and make precise the notions of neighborhood arising in robust inference,
we introduce a new key technical tool, robust large deviations-large deviations when the true
probability distribution belongs to a neighborhood, which is determined by the divergence,
of the postulated model. Our results can be applied to a variety of statistical models
used in high-dimensional data analyses: for instance, generalized linear models, single index
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models, and partial linear models. We illustrate the ideas using examples from �nancial risk
management and emerging drug resistance in biomedicine.
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HZO70Non-asymptotic upper bounds for the reconstruction error of PCA

Principal component analysis (PCA) is a standard tool for dimension reduction. Classical
objects of interest are the principal subspaces and their empirical counterparts. In this talk,
we focus on the reconstruction error of PCA, and prove a non-asymptotic upper bound for
the corresponding excess risk. This bound uni�es and improves several upper bounds which
were previously obtained by empirical process theory. Moreover, the bound reveals that
the excess risk di�ers considerably from the usual subspace distance based on canonical
angles. Our proof relies on the analysis of empirical spectral projectors and uses recent
concentration inequalities for sample covariance operators.
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NA 3/99On comparison of lasso and ridge

A general high dimensional linear model is considered where the number of features is larger
than the sample size. The lasso method works very well under sparsity, that means the true
model includes only a restricted number of features and under design conditions related to
the requirement that the features are in general position.The ridge estimator is unique and
well de�ned also in general high dimensional linear models, without sparsity requirement and
without design condition. In this talk the behavior of lasso is studied under non-sparsity
and for possible linear dependent features. Especially estimates of the di�erence between
lasso and ridge are derived.
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HZO70Optimally Thresholded Realized Power Variations for Stochastic Volatility Models
with Jumps

Thresholded Realized Power Variations are popular nonparametric estimators for
continuous-time processes with jumps. An important issue in their application lies in the
necessity of choosing a suitable threshold for the estimator. In Figueroa-López and Nisen
[Optimally thresholded realized power variations for Lévy jump di�usion models, Stochas-
tic Processes and their Applications 123(7), 2648-2677, 2013], a selection method for the
threshold is proposed, in which the expected total number of jump misclassi�cations is min-
imized. For a jump-di�usion Lévy model, existence and uniqueness of the optimal threshold
sequence are established together with an explicit short-time asymptotic characterization.
In this work, an optimal threshold selection approach is put forward in the presence of a
stochastic volatility risk component. To this end, we further develop current kernel based
estimators for the spot volatility, which in turn yield new optimal bandwidth selection pro-
cedures for stochastic volatility models.
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HZO70Generalized pareto processes and liquidity

Liquidty risk in fund management has become an important topic over the last years and
the employment of an appropriate liquidity risk management has become mandatory by
European guidelines ([3] and [4]). In that regard, recent results (see [1]) show that the
generalized Pareto distribution is suitable for the modeling of liquidty risks by computing
the POT-quantile as in [2]. In this paper, we introduce the autoregressive generalized
Pareto process which is able to cover the time structure of fund redemption data as a
generalization of the autoregressive Pareto process as given in [5]. We give the de�ntion
of an autoregressive process with GPD tails, prove its stationarity, compute its joint
distribution, estimate its model parameters and apply it to real fund redemption data.
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HZO70Risk contagion under regular variation and asymptotic independence: mean
excess and expected shortfall

Risk contagion is a matter of concern for any entity dealing with large scale risks. Suppose
Z = (Z1, Z2) denotes risk pertaining to two components of some system. A relevant risk
contagion question would be to ask for the in�uence of high values of Z2 on Z1. This can be
measured on di�erent ways. In this talk, we study the quantity E[(Z1 − t)+|Z2 > t] called
marginal mean excess (MME) as well as the related quantity E[Z1|Z2 > t] called marginal
expected shortfall (MES). Both quantities are indicators of risk contagion and useful in
various applications ranging from �nance, insurance and systemic risk to environment and
climate risk. We work under the assumption of multivariate regular variation, hidden regular
variation and asymptotic tail independence for the risk Z. Big model classes fall into this
category. We present several examples and derive the asymptotic behavior of both MME
and MES as t → ∞. Although we assume asymptotically tail independence MME and
MES converge to ∞ under very general conditions which re�ect that the weak dependence
still underlying the model is signi�cant. Besides the consistency of the empirical estimators
of MME respectively MES we introduce an extrapolation method based on extreme value
theory to estimate both MME and MES for high thresholds t where only a few or no data
are available. We prove consistency for the estimators and illustrate our methodology in
both simulated and real data sets.
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NA 2/99Conditional distributions of fractional Lévy processes with application to �nancial
time series and market modelling

Question: Long-memory e�ects can be found in many data sets from �nance to hydrol-
ogy and models that re�ect these properties have become more popular in recent years. In
particular, when it comes to �nancial markets, fractional Lévy processes provide a rich class
of long-memory models beyond the Gaussian framework and have been investigated in dif-
ferent settings ranging from fractionally integrated continuous- time ARMA-GARCH-type
setups to general stochastic di�erential equations. However, until recently, their conditional
distributions (which are necessary when it comes to forecasting) have not yet been consid-
ered in detail.
Methods & Results: In this talk, we provide closed formulas for their conditional charac-
teristic functions invoking fractional analysis. Our focus will be on Mandelbrot-Van Ness
fractional Lévy processes which are attractive from an econometric point of view due to
their stationary increments. Furthermore, we present several applications to �nancial time
series (forecasting) with a special emphasis on ARMA-GARCH-type setups for long-memory
in volatility data.
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HZO70Higher Order Elicitability: Expected Shortfall is jointly elicitable with Value at
Risk - Implications for Backtesting

A statistical functional, such as the mean or the median, is called elicitable if there
is a scoring function or loss function such that the correct forecast of the functional is
the unique minimizer of the expected score. Such scoring functions are called strictly
consistent for the functional. The elicitability of a functional opens the possibility to
compare competing forecasts and to rank them in terms of their realized scores. In the �rst
part of this talk, we explore the notion of higher order elicitability, that is, we investigate
the question of elicitability for higher-dimensional functionals. As a result of particular
applied interest we show that the pair (Value at Risk, Expected Shortfall) ((VaR, ES)) is
elicitable despite the fact that ES itself is not. More generally, we give a characterization
of the class of strictly consistent scoring functions for this pair, making use of a higher
dimensional version of Osband's principle.
In the second part of the talk, we discuss the consequences of this result for backtesting
ES-forecasts. We introduce comparative backtests of Diebold-Mariano type using a
strictly consistent scoring function for the pair (VaR, ES). Comparative backtests open the
possibility to choose a conservative null hypothesis in comparison to the current state of
the art. Emphasizing our argument with a brief simulation study, we demonstrate that the
change of the null hypothesis in comparative backtests amounts to a reversed onus of proof
in backtesting decisions. This appears out to be bene�cial to all stakeholders, including
banks, regulators, and society at large.
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NA 3/99A Group of Transformations on Copulas and a Nice Subgroup

We study a group of transformations mapping the collection of all copulas into itself. For
every copula, they generate a variety of new copulas; this is of particular interest with
regard to asymmetric copulas and may also be useful for proving that certain real functions
on the unit square are indeed copulas.
The group contains a subgroup whose elements turn out to preserve symmetry, the order
between two copulas and the value of every measure of concordance.This subgroup is also
of particular importance for the construction of measures of concordance.
In addition, the group provides a simple condition on copulas under which every measure
of concordance of the copula is equal to zero.
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NA 2/99Bayesian Local In�uence Analysis for GARCH Models with Empirical Applications

Generalized autoregressive conditional heteroscedasticity(GARCH) models have been widely
used in �nancial time series. This paper develops a Bayesian local in�uence analysis method
for assessing the e�ects of in�uential observations on the statistical inference in GARCH
models, based on minor perturbations to the prior, the model, and individual observations.
Several Bayesian local in�uence measures are proposed to quantify the degree of various
perturbations based on several objective functions. Several numerical studies are conducted
to evaluate the �nite sample performance of the proposed analysis method. An empirical
study involving GARCH modeling of the continuously compounded daily returns on the New
York Stock Exchange (NYSE) composite index illustrates the e�ectiveness of the proposed
method.
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HZO70In-sample forecasting with application to non-life insurance

Non-life insurance companies traditionally use the so called chain ladder method to reserve
for outstanding liabilities. We will show how to translate the chain ladder method into a
continuous framework while keeping the basic structure. As it turns out, chain ladder, and
thus also our continuous analogue, is a in-sample technique where no extrapolation is needed
to forecast the reserve.The in-sample area is de�ned as one triangle and the forecasting
area as the second triangle that added to the �rst triangle produces a square. We call our
approach in-sample forecasting.It is de�ned as estimating a structured density or hazard to
sets with no observation. The structured function consists of one-dimensional in sample
components that enable identi�cation on such sets. This paper focuses on the multiplicative
separable structure. Estimation will be done with non-parametric kernel smoothing methods
in a survival analysis/counting process framework. Full asymptotic theory is provided along
with �nite sample studies and real life applications to non-life insurance.
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HZO70Extremal inference for multivariate regularly varying time series

Multivariate regularly varying time series are a common tool for modelling the dynam-
ics of heavy-tailed processes of dimension larger than one. Let (Xt)t∈Z be a stationary
d-dimensional regularly varying process. The extremal behavior of this process can be de-
scribed by the index α > 0 of regular variation and the law of the so-called spectral tail
process (Θt)t∈Z, for which

L
(
X−n

x
, . . . ,

Xm

x

∣∣∣ ∥X0∥ > x

)
w⇒ L(Y ·Θ−n, . . . , Y ·Θm), x→ ∞,

with a Pareto(α)-distributed random variable Y which is independent of (Θt)t∈Z, cf. Basrak
& Segers (2009). The spectral tail process satis�es a certain property which is sometimes
called the "time change formula� that describes its behavior when shifted in time, cf. Basrak
& Segers (2009). We are interested in estimating the law of Θt for t ∈ Z with a focus on
the cases t = 0, 1. These two quantities are of interest in particular for Markov processes
(Xt)t∈Z where their joint distribution (together with the value of α) already determines the
whole distribution of (Θt)t∈Z, cf. Janÿen and Segers (2014). By extending an idea used in
Drees, Segers & Warchoª (2015) from the univariate to the multivariate case we show that
it may be helpful for the estimation of Θ1 to make use of the time change formula that
gives us

P (Θ1 ∈ A) = E

(
1A

(
Θ0

∥Θ−1∥

)
∥Θ−1∥α

)
, A ∈ Bd with 0 /∈ A,

and use an indirect estimator instead of a direct one.
Furthermore, we try to detect independence of ∥Θ1∥ and Θ1/∥Θ1∥ and explore the
implications of this fact for the structure of the spectral tail process.
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NA 3/99Oscillating Ornstein-Uhlenbeck processes and modelling of electricity prices

Classical models for electricity spot prices consist of a deterministic component capturing
the seasonalities and a stochastic process like a sum of Ornstein-Uhlenbeck processes
with di�erent speed of convergence, Lévy semistationary processes or CARMA-processes
capturing the random and mean reverting e�ects. We propose an alternative model
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for electricity spot prices based on so called oscillating Ornstein-Uhlenbeck processes.
This model captures the characteristics of empirical data, especially the oscillating shape
of the autocorrelation function and allows us to reproduce jumps as well as spikes.
Furthermore, we show that our model leads to explicit formulas for forwards and options
on forwards. Oscillating Ornstein-Uhlenbeck processes are mixing and hence, to estimate
the components we can use classical method of moments. We introduce a estimation
procedure where we �t the parameters step by step.

References
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HZO70Nonparametric estimation of risk measures of collective risks

We consider two nonparametric estimators for the risk measure of the sum of n i.i.d.
individual insurance risks where the number of historical single claims that are used for
the statistical estimation is of order n. This framework matches the situation that nonlife
insurance companies are faced with within in the scope of premium calculation. Indeed, the
risk measure of the aggregate risk divided by n can be seen as a suitable premium for each
of the individual risks. For both estimators divided by n we present a sort of Marcinkiewicz�
Zygmund strong law as well as a weak limit theorem. The behavior of the estimators for
small to moderate n is studied by means of Monte-Carlo simulations.
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NA 2/99Regime-Switching Models and Filterbased Volatility

Regime-switching models, in particular Hidden Markov Models (HMM) where the switching
is driven by an unobservable Markov chain, are widely-used in �nancial applications, due to
their tractability and good econometric properties. In this talk we consider HMMs in discrete
and continuous time with both constant and switching volatility. We examine which stylized
facts they can reproduce and what that can imply for the choice of model parameters. In
the continuous time model with switching volatility the underlying Markov chain could be
observed due to this stochastic volatility, and no estimation (�ltering) of it is needed (in
theory), while in the discretized model or the model with constant volatility one has to �lter
for the underlying Markov chain. To have a realistic model with unobservable Markov chain
in continuous time and good econometric properties we introduce a regime-switching model
where the volatility depends on the �lter for the underlying chain. We analyze its relation
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to the switching volatility model and present a convergence result about the discretized
model. We then illustrate its econometric properties by considering numerical simulations
and show that it allows for explicit computations in �nancial applications.

Mirco Mahlstedt1, Olena Burkovska2, Maximilian Gaÿ1, Kathrin Glau1, Wim
Schoutens3, Barbara Wohlmuth2

1Technische Universität München, Mathematics - Mathematical Finance, München
2Technische Universität München, Mathematics - Numerical Analysis, München

3KU Leuven, Mathematics - Statistics Section, Leuven
02.03.2016
S12 | 18:00

NA 3/99Calibration to American Options: Numerical Investigation of the
De-Americanization Method

A common approach to calibrate a model on market data involving American options
called De�Americanization is investigated. Instead of calibrating market models to Ameri-
can option prices directly, which is very time-consuming and often numerically much more
demanding - if possible at all, the American option prices are de-americanized �rst: One
calibrates a simple tree model and then using the calibrated tree model generates respective
European option prices. Then models can be calibrated to these pseudo-European option
prices. The e�ect of this approximation is tested for the CEV, the Heston model and the
Merton model. By direct calibration to American option prices we conduct comparisons to
the De-Americanization approach. Both, scenarios where the practitioners' approximation
makes sense and cases where the routine generates unsatisfactory results are described.
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NA 3/99Singular inverse Wishart distribution and its application to portfolio theory

Objective(s): The objective of this paper is to derive the distributional properties of the
generalized inverse Wishart (GIW) random matrix under singularity of the covariance ma-
trix, with its application to portfolio theory.
Material and methods: The presented work delivers three major contributions. The �rst
one lies in deriving the distributional properties of the generalized inverse Wishart random
matrix under singularity of the covariance matrix. This singular covariance case is referred
to as the singular inverse Wishart distribution (SIW). In particular, we show that under the
linear transformations the family of the SIW distributions remains within the GIW distri-
butions. The notably special case is when the rank of the linear transformation is smaller
than the rank of the covariance matrix. Under this assumption the distribution becomes
a regular inverse Wishart distribution. The second contribution provides the distributions
of the sample estimators of the mean vector and the covariance matrix from a singular
multivariate normal distribution, and shows their independence. This is used in our third
main contribution that gives a stochastic representation of a linear transformation of the
estimated MV portfolio weights under the singularity conditions as well as their character-
istic function and the moments of higher order.Moreover, we will show how the presented
approaches can be applied in practice on the real example.
Results and conclusion(s): Distributional properties of the linear symmetric transforma-
tions of the inverse sample covariance matrix are very important tool for derivation of the
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distribution of the estimated optimal portfolio weights. In the present paper we provide its
distribution when the sample size is smaller than the size of portfolio and the covariance
matrix is singular.Several important special cases of the transformations are considered and
can be utilized in the portfolio theory. Assuming independent and multivariate normally
distributed returns we prove stochastic independence between the sample mean vector and
the sample covariance matrix, and derive their distributions under the singularity. Moreover,
we derived a stochastic representation of the estimated MV portfolio weights. Additionally,
we obtain the expressions of the characteristic function and the moments of higher order.
Also, the results are illustrated using stocks returns and a discussion of practical relevance
of the model is presented.
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NA 3/99Calibration of credit models from credit default swaps

We consider the calibration of a structural credit default model, which is based on an
exponential jump-di�usion �rm value process. This process is not directly measurable,
only derivatives such as credit default swap spreads provide noisy information. We analyze
di�erent methods for estimating the state of the �rm value and the model parameters, such
as a non-linear particle �ltering approach. The parameters enter both transition density and
the highly non-linear transformation function known only in terms of Laplace transforms of
the default time.
We investigate speci�c cases of the jump size distribution, such as the double exponential
Kou model and the one-sided spectrally negative Kou model, and illustrate challenges and
advantages of the estimation approaches.
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HZO70(Optimally-)Robust Risk Estimation

Objective(s): Value at Risk (VaR) and Conditional Value at Risk/Expected shortfall
(CVaR) are among the most prominent risk measures used to quantify �nancial risks.We
are concerned with robustness of estimation of these risk measures.
When evaluating these concepts at real data, both non-parametric and parametric ap-
proaches are being used; for VaR, the non-parametric approach leads to the method of
historic simulation, and, in a parametric setting, assuming Gaussian log returns, the cor-
responding method is often called square-root-t-rule by practitioners. In operational risk
context, on the other hand, one often uses generalized Pareto families as a parametric
model together with the respective parametric quantiles/CVaRs.
Seen from a robust statistics point of view, all these three methods su�er from severe insta-
bility with respect to outliers, and, in particular the largest absolute values of the observed
log returns have an overwhelming in�uence on the respective risk measure. Moreover, used
in a dynamic setting, the time to recover from a singular shock will be overly long, leading
to a long persistent series of large VaR-values.
Material and methods: Robust statistics in this context provides tools to quantify the
impact of a single observation on the risk measure and o�ers reliable alternatives which only
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assign uniformly bounded in�uence on the risk measure to each observation. Furthermore,
the respective robustly estimated risk measures are able to recover much faster from a sin-
gular shock.
Results and conclusion(s): Albeit the non-parametric VaR estimator has a bounded in�u-
ence function, for usual VaR-levels, its supremal absolute value can be signi�cantly improved
using robust (parametric) alternatives. Perhaps somewhat surprising, in a parametric set-
ting, it pays o� not to try to estimate the respective parameters in an optimally robust way
and then to compute the risk measures at the corresponding member of the parametric
family but rather to directly optimize the in�uence function of the respective risk measure.
We illustrate this at data from Volkswagen stock quotes including September 2015 and for
the 99% VaR.
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NA 3/99Electricity price modeling with stochastic time change

We develop a novel approch to electricity price modelling, based on the powerful technique
of stochastic time change. This technique allows us to incorporate the characteristic features
of electricity prices (such as seasonal volatility, time varying mean reversion and seasonally
occurring price spikes) into the model in an elegant and economically justi�able way. The
stochastic time change introduces stochastic as well as deterministic (e.g., seasonal) features
in the price process' volatility and in the jump component. We specify the base process as a
mean reverting jump di�usion and the time change as an absolutely continuous stochastic
process with seasonal component. The activity rate of the stochastic time change can be
related to the factors that in�uence supply and demand. Here we use the temperature as a
proxy for the demand and hence, as the driving factor of the stochastic time change, and
show that this choice leads to realistic price paths. We derive properties of the resulting
price process and develop the model calibration procedure. We calibrate the model to
the historical EEX power prices and apply it to generating price paths by Monte Carlo
simulations. We show that the simulated price process excellently matches the distributional
characteristics of the observed electricity prices.
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NA 2/99Estimation of Cointegrated MCARMA Processes

Cointegrated time series are multivariate time series which are non-stationary but integrated
and have a stationary linear combination. There is empirical evidence that cointegration
arises in �nancial data. For example exchange rates and the relation between long-term and
short-term interest rates show such a behaviour. In this talk we investigate cointegrated
multivariate continuous-time autoregressive moving average (MCARMA) processes observed
at discrete time points and estimate the model parameters. Since cointegrated MCARMA
processes are non-stationary, standard estimation techniques such as quasi-maximum- like-
lihood estimation or least squares estimation are inapplicable. Instead, we use a stepwise
approach as proposed in Saikkonen (1995). For this we calculate the pseudo-innovations
using the Kalman �lter and divide them into a stationary and a non-stationary part. Then
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we �rst estimate the parameters from the non-stationary part, which model the cointe-
gration space and show that these parameters can be estimated super-consistently. In the
next step, we use this result to derive consistent estimators for the parameters from the
stationary part. Finally, we calculate the limiting distributions of the estimators and see
that the order of consistency of the non-stationary model parameters and the stationary
model parameters di�er.
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NA 3/99Modeling Electricity Spot Prices by a Stable CARMA Process - a Bayesian
Approach

Objective: We model electricity spot and future prices, an important issue for the risk
management of electricity markets. In contrast to usual �nancial data these show peculiar
patterns like extreme spikes and even negative prices. Therefore we employ a CARMA
model driven by an alpha stable Lévy process, a deterministic seasonal pattern and a low
frequency Lévy process.
Material and methods: The source of our data is the European electricity exchange EEX.
All parameters are estimated in a Bayesian framework. To this end, we construct and
implement an MCMC sampler.
Results and conclusions: The new estimation procedure is validated by a simulation study.
We discuss the change of the market behaviour over the last few years.
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HZO70CPPI strategies and the problem of long-term guarantees

Constant proportion portfolio insurance (CPPI) is one of the investment strategies that
has been widely applied to structured credit products under principal guaranteed framework.
Nevertheless, the guarantees are still likely to be unful�lled due to market frictions. Since
the guarantees are regarded as liabilities for issuers, e.g. life insurance companies, products
with long-term guarantees should be handled more cautiously in order to reduce the possi-
bility that claims fail to be met. Firstly, in the work we propose a new model concerning
the gap risk in the risky asset, and loosen the traditional restriction on the non-risky asset,
which is constantly assumed to evolve with risk-free rate. Secondly, the closed-form solu-
tions to some risk measures are given under the new framework. Last but not least, we
simulate the results of the model in which the gap risk is governed by a compound Poisson
process with jump sizes log-Gumbel distributed, and compare this result with other known
models, e.g. Kou and Merton models. The cushion dynamic is under the new framework
driven by a bivariate L'evy process, the solution to the stochastic di�erential equation is
a generalized Ornstein-Uhlenbeck process. Hence we are able to derive explicitly the risk
measures through stochastic integration. In matter of simulation the following parameter
estimation methods are applied: empirical characteristic function method (ECF) and max-
imum likelihood estimation method (MLE). Moreover, we also combine the two methods
in order to accelerate the speed of estimation. The performances of di�erent initial values,
chosen by experience and estimated from cumulant matching method (CMM), are also be-
ing investigated. From the aspect of estimated parameters we can see, on one hand, initial
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values obtained from CMM method not only do not bring out evident e�ects on better �t
as expected, but also slow down the procedure of estimation in most cases; on the other
hand, it is appropriate to use ECF method as an auxiliary to locate better initial values for
the MLE method, since it improves distinctly the e�ciency by saving 30-60% of elapsed
time. If we look at the models, we see that the model with log-Gumbel jumps outperforms
the others with the parameters estimated from ECF and CMM/ECF methods under Akaike
information criterion. The models will be further examined for their forecasting ability.
Furthermore, the implementation of interest rate model is also under consideration.
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HZO70Statistical inference for expectiles-based risk measures

Expectiles were introduced by Newey and Powell (1987) in the context of linear regression
models. Recently, Bellini, Klar, Müller and Rosazza Gianin (2014) revealed that expectiles
can also be seen as reasonable law-invariant risk measures. In this talk, I will �rst discuss
that the corresponding statistical functionals are continuous w.r.t. the 1-weak topology and
suitably functionally di�erentiable. Thereafter I will point out that by means of these regu-
larity results it is possible to derive several properties as consistency, asymptotic normality,
bootstrap consistency, and qualitative robustness of the corresponding estimators in non-
parametric and parametric statistical models. It is worth mentioning that the employed
methods are also applicable to much more general law-invariant convex risk measures.
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HZO40Reale Daten im Stochastikunterricht der Sekundarstufen I und II

Mit der Leitidee "Daten und Zufall" in den KMK-Bildungsstandards verschiedener Schu-
labschlüsse hat die Datenorientierung im Stochastikunterricht eine zunehmende Bedeutung
erhalten. Bei der Arbeit mit realen Daten muss man ihren Kontext ernstnehmen. Dabei
eignen sich insbesondere computergestützte Analysen von Daten aus dem schulischen Um-
feld der Schülerinnen und Schüler, um sie an sachgerechtes Interpretieren und Modellieren
heranzuführen. Im Vortrag werden leicht zu erhebende sowie im Internet frei zugängliche
Daten aus den Bereichen Wetter, Sport, Wirtschaft, Gesellschaft und Politik vorgestellt und
es wird diskutiert, inwiefern deren Analyse statistische Grundbildung im Stochastikunterricht
der Sekundarstufen I und II fördern kann.
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AudimaxxSplitting integrators for the stochastic Jansen and Rit neural mass model

In this talk we will discuss the numerical simulation of the stochastic Jansen and Rit neural
mass model, an SODE sytem arising in computational neuroscience. The dynamics of the
system are determined by the interplay of non-equilibrium, damped Hamiltonian dynamics
with additive noise. As a result the solution of the system possesses both an interesting
path-wise behaviour (i.e. high sensitivity w.r.t. the system parameters) as well as important
stability properties on large time scales (i.e. ergodicity w.r.t. an invariant measure), which
shall be reproduced in numerical simulations. We construct splitting integrators which
combine good qualitative behaviour as well as low computational cost, which makes them
suitable for applications in stochastic �ltering.
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AudimaxxEstimating Moments of a Selected Pareto Population under Asymmetric Scale

Invariant Loss Function

Consider independent random samples from (kgeq2) Pareto populations with the same
known shape parameter but di�erent scale parameters. Let Xi be the smallest observation
of the ith sample. The natural selection rule which selects the population associated with the
largest Xi is considered. In this paper, we estimate the moments of the selected population
under asymmetric scale invariant loss function. We investigate risk-unbiased, consistency
and admissibility of the natural estimators for the moments of the selected population.
Finally, the risk-bias's and risks of the natural estimators are numerically computed and
compared for k = 2, 3.
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AudimaxxBackward stochastic Volterra integral equations in UMD-Banach spaces

We consider a Backward stochastic Volterra integral equation [BSVIE] in the Banach
space E = Lq(S,S, µ), where µ is σ-�nte measure. The stochastic integral is de�ned
with respect to a cylindrical Wiener process. The concept of Lp-stochastic integrability in
Banach spaces will be used. Under appropriate assumptions on the coe�cients of Volterra
equations, by using martingale representation theorem in Banach space E and Banach �xed-
point theorem, we proof the existence and uniqueness of an adapted solution of BSVIE.
Some properties of the solution are also discussed.
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AudimaxxType 1 Fuzzy Function Approach Based on Ridge Regression for Forecasting of

Time Series

Fuzzy inference systems have been used for prediction problems in the literature in recent
years. Classical fuzzy inference systems are rule-based systems. The determination of
their rules requires expert opinion and this situation prevents the objective working of
the inference system. Therefore, Turksen (2008) proposed the fuzzy function approach
that does not need to rule base using fuzzy functions instead of rules. In fuzzy function
approach, it can be found a high correlation between the non-linear functions of membership
functions and therefore the multiple linear regression method used in the formation of
fuzzy functions which has multicollinearity problem.
In order to overcome this problem, in this study a new fuzzy function approach using
ridge regression instead of regression in Type 1 fuzzy function approach is proposed.
The multicollinearity problem was eliminated by using our new proposed method and the
forecasting performance was improved. The prorosed new Type 1 fuzzy function approach
has been applied to Australian Beer Consumption data observed quarterly between years
1956 and 1994 and Turkey Electricity Consumption data observed monthly between �rst
month of 2002 and last month of 2013. The results are compared to the ones obtained
from other techniques. Thus it is concluded that the results present superior forecasts
performance.
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AudimaxxA functional central limit theorem for weighted sums of Lipschitz-continuous

functions

We look at local stationary processes introduced by Dahlhaus in 1997 and provide
a functional central limit theorem (FCLT) for weighted sums of Lipschitz-continuous
functions. In particular, this FCLT is useful for (local) empirical characteristic functions.
For instance, it is possible to apply the results to minimum distance estimation based on
these functions. In this case, simulations show a good �nite sample performance.
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Annals of Statistics 25, 1-37.
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AudimaxxA Weibull Generated Class of Distribution

The Weibull distribution is widely used in reliability and life data analysis. Several ex-
tended versions of Weibull distribution could be found in literature due to its versatility. In
this article we suggest a new class of Weibull-G distribution. Di�erent characteristics of
Weibull-Exponential distribution generated by new methodology are studied such as mo-
ments, Quantile function, Shannon's entropy. Further Analysis of some real time data sets
are obtained to illustrate application of new class of distribution.
Objectives: The main aim of this research is to study a new family of distributions, with
the hope it yields a better �t" in certain practical situations. Additionally, we provide a
comprehensive account of the mathematical properties of the proposed family of distribu-
tions. We de�ne the Weibull-G family of distributions provides some special distributions
obtained by the Weibull generator
Material and Methods: Some literature are studied, a broad family of univariate distri-
butions generated from the Weibull distribution introduced by Gurvich et al. (1997), by
extending the classical Weibull model. Eugene et al. (2002) suggest so-called family of
Beta-generated distributions using beta distribution as a generator. Alzaatreh et al (2013)
have proposed a more �exible technique to generate a new family of distributions which is
not bound to (01) domain. Their suggested method of generating new family of distribution
is given as:

G(x) =

∫ W (F (x))

0
r(t)dt (21)

g(x) =

{
d

dx
W (F (x))

}
r(W (F (x))) (22)

Where r(t) is the probability density function of generator distribution.
W (.) should satisfy the following conditions.

• W (F (x)) ∈ [a, b].

• W (F (x)) is di�rentiable and monotonically no-decreasing.

• (F (x)) → a as x→ −∞ andW (F (x)) → b as x→ ∞.

In this article we are using the technique proposed by Alzaatreh et. al (2013), using a new
generator given by:

W (F (x)) = −ln [(1− F (x))α] (23)

We generate the family of Weibull-G distribution using equation (3). Di�erent characteris-
tics of Weibull-Exponential distribution generated by new methodology are studied such as
moments, Quantile function, Shannon's entropy.
Conclusions: In this article we introduce a new Exponential Weibull family of distribution.
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Some of its properties are discussed. Various properties of Weibull-Exponential distribution
including hazard function, moments, Shannon's entropy and Quantile function are studied.
Furthermore some analysis of real data sets are obtained.
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AudimaxxRandom Dynamical Systems on Fractals

We consider the following stochastic partial di�erential equation (SPDE) over a class of
fractal sets (e.g. the Sierpinksi gasket),

du(t) = Au(t)dt+ F (u(t))dt+ dW (t), t ∈ [0, T ]

u(0) = u0 ∈ H .

Here H is a weighted Hilbert space over a fractal set K, A is an appropriate Laplacian,
F represents a nonlinear term and W is a trace-class Wiener process. We explain main
concepts of analysis on fractals introduced by J. Kigami (2001) and show that the SPDE
above generates a random dynamical system, which possesses a random attractor. Following
the approach of R. Temam (1997) we obtain an upper bound for the Hausdor� dimension
of the random attractor, which depends on the considered fractal structure.
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AudimaxxOne-Dimensional Advection-Di�usion Equation with Boundary Lévy Noise

We are looking at solutions to the one-dimensional advection-di�usion equation on the
half-line R+ with noise on the boundary. The noise, being the formal derivative L̇ of a Lévy
process L, models the random in�ux of contaminants into an aquifer. We investigate how
solutions of the stochastic advection-di�usion equation can be approximated by solutions
to the random PDE, where L is replaced by its continuous approximation L̇n.
To �nd mild and weak solutions to this SPDE we use the semigroup approach, for which
we need some results from the theory of fractional Sobolev spaces Hθ(R+) with nega-
tive exponent θ. For the approximations we make use of the deterministic theory on the
advection-di�usion equation and the explicit solutions in terms of convolution integrals.
We describe the solutions of the advection-di�usion equation as processes with values in
Hθ(R+) and establish convergence of the approximations of the solution of said equation
with L évy-driven Dirichlet, Neumann and Robin boundary condition in the appropriate
Skorohod topology, especially non-standard M1-convergence.
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AudimaxxRelation between the Wright-Fisher di�usion with seed bank and the two island

di�usion model

The aim of this talk is to investigate the relation between the Wright-Fisher model with
seed bank component introduced in [ BGCKW15 ] and the Wright-Fisher di�usion with
two islands investigated in [ KZH08 ] and [ NG93 ] by means of duality arguments. Despite
their seeming similarity, they exhibit several qualitative di�erences.
First, we will prove some results from [ KZH08 ] for the seed bank model, like a result
on boundary behavior, a recursive formula on the moments, a non-reversibility claim
and a sampling formula in the biallelic case. Moreover, via comparisons to the classical
Wright-Fisher model we can get some nice results on boundary behavior for the seed bank
di�usion process. Further, we show that the seed bank di�usion can be reformulated as a
one-dimensional stochastic delay di�erential equation. Last, we will �nd some nice limits
involving the size of the seed bank and the migration coe�cients by the usage of recursive
formulas for the moments.
In a nutshell, the talk will show that when investigating the seed bank model, the
comparison with other models, like the two-island model, can help us a lot; however, the
seed bank model has some striking speci�cs which distinguishes it from similar models as
well.
Based on joint work with Prof. Dr. Jochen Blath and Dr. Adrian González Casanova.
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AudimaxxRobust methods to compare means under violation of normality with outliers

Objective: Many researchers use classical methods to compare group means in di�erent
disciplines. In the case of non-normality and heterocedasticity, classical methods is insu�-
cient and to overcome this problem several approximate tests are proposed in the literature.

191



Generalized F Test, Parametric Bootstrap Test and Welch's F tests are most commonly
used tests. These tests perform satisfactorily in terms of their powers and type 1 errors
under heteroskedasticity with non-normal data.
Material and methods: Nevertheless in the presence of outliers, powers of these tests
perform poorly. In this study we propose robust estimators by modifying approximated
tests based on median and median absolute deviation in case of violation of normality with
possible moderate and strong outlier(s). Performance of the proposed tests are investigated
by their type I error rates and their powers.
Results and conclusion: Our results reveal that modi�ed Generalized F Test performs
better than Parametric Bootstrap Test and Welchâs F Test in respect to its power. It is
also noted that for moderate and large samples all the considered tests control type 1 error
rates close to nominal level.
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AudimaxxNonparametric record statistics of cumulative sums of sample values

This contribution aims at proposing a new kind of nonparametric statistics which markedly
di�ers from existing ones. The central idea is to notice that cumulative sums of samples
values are nothing else than random walks.
If sample values are independently and identically distributed (i.i.d.), recent exact results
on record statistics of random walks can be exploited to build nonparametric tests. Let xi,
i = 1, · · · , N denote sample values from distribution P (x) and X = {ξk =

∑k
i=1 xi} the

cumulative sum of sample values. The number of upper records of the cumulative sum,
denoted by R+, is the number of times a new data point leads to a new maximum of the
cumulative sum. Equivalently, R+ is nothing else than the number of jumps of the running
maximum, with the convention that the �rst point is always counted in. The number of
lower records R− is de�ned similarly from the running minimum of X. If P (x) = P (−x),
the exact distribution of the cumulative sum P (R+, N) is known and is distribution-free for
any N ; for symmetry reasons, P−(R−) follows the same distribution. This suggests that the
nonparametric (for any N) statistics R0 = R+ −R− provides a single-sample location test
for i.i.d. sample values which can be state as follows: H0 : P (λ+ x) = P (λ− x), λ ∈ R.
Simple arguments show that the distribution P0(R0) is symmetric if H0 holds and converges
asymptotically to a Gaussian distribution. The simplest two-sample case consists in applying
the single- sample test to the di�erence of two sample values, each assumed to be i.i.d..
Monte-Carlo simulations show that the power and e�ciency of the new tests are very
close to those of the t- and Wald test for Gaussian variables, and more powerful than
Wilcoxon/Mann-Whitney or sign tests for sample distributions with not too heavy tails.
This family of statistics has therefore a consistently relatively high power. Superior e�ciency
for estimating Sharpe ratios, or equivalently signal-to- noise ratios, of heavy-tailed sample
values is demonstrated on �nancial time series. The relation between the number of upper
records of a price and the price total drawdown duration is emphasized.
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AudimaxxImprecise vector: the case of subnormality

In this paper, the author has put forward the actual mathematical explanation of subnormal
imprecise vector. Every subnormal imprecise vector has to be de�ned with reference to a
membership surface. Nothing however is available in the literature about the membership
surface when an subnormal imprecise vector is de�ned. The authors has shown here how to
construct the membership surface of a subnormal imprecise vector. The membership surface
of normal imprecise vector has been constructed based on Randomness-Impreciseness Con-
sistency Principle. The Randomness-Impreciseness Consistency Principle leads to de�ning
a normal law of impreciseness using two di�erent laws of randomness. A normal impre-
cise vector is a special case of subnormal imprecise vector. Here based on Randomness-
Impreciseness Consistency Principle the construction method of the membership surface of
subnormal imprecise vector has been shown mathematically. In this paper, the author has
de�ned the function de�ning the membership surface of subnormal imprecise vector and
demonstrated with the help of numerical examples. Nothing however is available in the
literature about the membership surface when an subnormal imprecise vector is de�ned.
Here, the present author has de�ned mathematically the membership surface of subnormal
imprecise vector in a very simple way.
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AudimaxxOn Buehler con�dence regions

We generalize a method of constructing the smallest (with respect to set inclusion) mono-
tonic (with respect to a "designated statistic�) con�dence region for a general parameter
of interest in an arbitrary model. This method, dating back to 1957 and due to Robert J.
Buehler, is originally known from reliability theory, but is applicable to statistical interval
estimation rather generally, and deserves, in our opinion, more attention. Apart from estab-
lishing some of the optimality properties of Buehler con�dence regions, we brie�y address
the problem of selecting meaningful designated statistics by presenting some examples.
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AudimaxxSystem mixture reliability and risk functions with variable mixture weights

System reliability and risk functions, non-linear in component densities, for a reliability
block diagram of a system transformed to system mixture reliability and risk functions,
linear in component densities, with variable mixture weights. System mixture reliability
and risk functions for a reliability block diyagram of a system expressed as �nite sums of
products of component variable mixture weights and, component reliability and risk func-
tions respectively. The number of terms in system mixture reliability and risk functions are
equal to the number of components in the reliability block diyagram of the system. System
mixture reliability and risk functions with variable mixture weights allows computations of
system reliability and risk with respect to the component reliabilities and risks respectively.
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AudimaxxA new proof for the central limit theorem in total variation

We provide a new proof for the central limit theorem in total variation. Our approach
is based upon an asymptotic result from M -estimation which shows the consistency of
a sequence of maximizers under uniform convergence (in probability) of the sequence of
random criterion functions (Mn) towards a deterministic asymptotic limit function M and
well-separatedness of the maximum of M . We employ the principle of maximum entropy
and make use of the well-known fact that the normal distribution maximizes the entropy
under the constraint of �xed variance. Thus, we construct our criterion function Mn on
the domain of all probability density functions with corresponding random variables having
variance 1.
We conclude our presentation with some remarks on the derivation of rates of convergence
against the standard normal distribution.
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AudimaxxGenerating a New Family of Truncated Distribution

Objective: The main objective of this study is to propose a new family of truncated
distribution by using the idea of Ayman Alzaatreh (2013).Truncation of the distribution is
e�ectively used these days due to the limited recourses, shortage of time and expenses.
There are many situations when we model a certain data of interest instead of using whole
data. The probability distribution applies to that part of data demanding reduced domain
instead its original domain. For example, to model the income of the families who are
living in New York having monthly income more than 5000 dollar. Another application of
the truncation is when measurements are taken using a detector which detects the signals
above a certain limit.
Material and Method: Eugene et al. (2002) introduced a new idea of generating a
family of univariate probability distribution called "Family of Beta Generated Distributions".
Alzaatreh et al.(2013) transformed the idea of Eugene (2002) by replacing the pdf of Beta
random variable with a pdf of any continuous random variable T as a generator. The cdf
of new family of distribution is expressed as:

G(x) =

w(F (x))∫
0

r(t)dt, (24)

having pdf

g(x) =

{
d

dx
w(F (x))

}
r (w(F (x))) , (25)

where a < x < b.

The afore introduced the family of distribution as T-X or Transformed-Transformer
which is linked with hazard function. According to the authors, w(.) should satis�es the

194



following conditions;
W(F(x)) in [a, b].
W(F(x)) should be non-decreasing function.
W(F( x )) tends to a as x to −∞ and
W (F (x)) tends to b as x to +∞.
In this paper new families of univariate truncated distributions have been generated. Let
X be a random variable truncated on left having pdf f(xT ) and distribution function on
domain [ξ,∞). Suppose T be a random variable with pdf r(t) and cdf R(t) on interval
[0,∞). The distribution function of T-XT family of distributions is de�ned as:

G(xT ) =

W (F (xT ))∫
ξ

r(t)dt = R (W (F (xT )) . (26)

g(xT ) = r (W (F (xT ))
d

dx
{(W (F (xT ))} . (27)

W (F (xT )) = − log {1− F (x/x > ξ) } . (28)

g(xT ) = r [− log {1− F (x/x > ξ) }] f(x/x > ξ)

1− F (x/x > ξ)
, (29)

where
x > ξ.

The above equation is said T-XT distribution having cdf

G(xT ) = R [− log {1− F (xT )}] . (30)

Results and conclusion: We have discussed some families of XT with di�erent T ran-
dom variables and studied some properties of each case as well. Some families of T-XT

distribution have been de�ned. T-Truncated Exponential distribution, Gamma-Truncated
Exponential and Exponential-Truncated Pareto distribution have been studied along with
their characteristics.This procedure can further be extended to generate new family of T-XT

distribution by taking limitation on upper or both domains of XT random variable.

Zhongcheng Han1

1Southeast University, Nanjing
01.03.2016
PP | 18:30
AudimaxxBayesian Bandwidth Selection in Nonparametric Models Based on Local

Polynomial Regression

As we known, bandwidth selection is an very important step in nonparametric regression
models. This paper presents a Bayesian approach to select bandwidth for nonparametric
models based on local polynomial regression. We proved that the bandwidth selected by
Bayesian approach is equivalent to CV's under the case of non-information prior. What
is more, the bandwidth selection by Bayesian approach is not very sensitive to the prior
information of the bandwidth. A MCMC simulation is executed to con�rm our proposition,
and then we applied the method to estimate price of the S&P 500 index options data .
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AudimaxxMild solutions of evolution equations driven by rough noise

We consider evolution equations driven by a rough noise, which is Hölder continuous with
parameter α > 1

3 . This class of processes includes the fractional Brownian motion (FBM)
with Hurst parameter H > 1

3 . To study the dynamics generated by solutions of such
equations we examine mild solutions. Especially we are interested in analyzing asymptotic
stability.
To de�ne integrals driven by rough paths we use Lyon's approach. As described by Friz
and Hairer (2014) we can construct these integrals by modifying standard techniques of the
theory of rough SDEs (RSDEs). To prove existence and uniqueness of mild solutions, we use
the Picard iteration method on an appropriate Gubinelli space. To solve the corresponding
�xed point problem we establish several apriori estimations.
So, it is possible to construct a unique solution under suitable smoothness conditions. By
approximation techniques we can verify that the mild solution and the solution of the original
evolution equation coincide.
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AudimaxxDiscrete-time portfolio optimization under dynamic risk constraints

We consider an investor faced with the classical portfolio problem of optimal investment in
a log-Brownian stock and a �xed-interest bond. The investor chooses only to re-balance the
portfolio at discrete points in time and is constrained to choose portfolio and consumption
strategies which reduce the corresponding shortfall risk. Risk measures are calculated in a
dynamic fashion for short time intervals and imposed on the strategy as a (risk) constraint.
Taking the risk constraint into account, optimal strategies are derived by applying dynamic
programming techniques. Numerical results indicate that the e�ect of the risk constraint
is very small, that is the investor is not losing very much compared to the unconstrained
investor.
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AudimaxxComparison of Estimation Methods for Parameters of Gibbs Point Processes

Recently Baddeley & Dereudre (2013) proposed a so-called variational estimation method
for parameters of Gibbs point process models, which they compared by simulation with
the maximum pseudolikelihood estimator based on the Berman-Turner device. Here
we use a more liberal de�nition of the maximum pseudolikelihood method, which also
includes the logistic regression technique by Baddeley et al. (2014). On our poster we
demonstrate and interpret the variational and the pseudolikelihood technique in a common
framework, in order to understand their behavior and relationship. These theoretical
considerations are accompanied by a simulation study on the basis of the Lennard-Jones
model. In contrast to Baddeley & Dereudre (2013) we come to the conclusion that the
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maximum pseudolikelihood estimator is a good competitor, even in the case of highly rigid
point patterns. We also present further aspects showing the potential of the variational
estimation procedure.
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AudimaxxOn the application of geostatistical methods to the modelling of correlated credit

spreads

Spatial statistical methods have been well studied in the context of geosciences, but so far
their transfer to �nancial data has not been thoroughly investigated. First studies which
apply spatial autoregressive or random �eld models to stock data, however, reveal that
concerning the dependence structure of stock returns, spatial dependencies between the
underlying might be a plausible �eld for future research. The aim of our work is to assess
applicability, bene�ts, and drawbacks of random �eld models known from geostatistics to
credit spread data.
In our study, we focus on the iTraxx 5Y Series 23 universe. The de�nition of an appropriate
�nancial distance measure is key to the application of the proposed methodology. An in-
tuitive distance based on industrial sector and country of origin categorization of the �rms
is developed, which will be subsequently compared to distance measures based on equity
correlations or fundamental economic data as proposed in previous studies. The spatial de-
pendence is captured by the �tted semivariogram, with time dependence removed previously
from the dataset by �tting ARMA-GARCH processes to each time series. Once the best
distance measure is identi�ed (here we intend to use nugget/sill ratio of the �tted variogram
to �nd the distance with the highest explanatory power), the out-of-sample performance of
the model will be tested.
As concluding remark, a thorough assessment of the bene�ts and limits of applying geosta-
tistical methods to �nancial data based on the performance of our proposed model will be
included.
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AudimaxxThe approach for estimation of clustering robustness

The inaccurate heuristic algorithms evaluation of always are in need of objective criteria for
assessing the quality of the used method or accuracy of the results. The clustering methods
are generally base on intuitive and logical considerations that do not have an exact rigorous
mathematical justi�cation for this reason there is no uniform criterion assessing the quality
of clustering. The cluster analysis identi�ed two main problems: clustering method and the
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number of clusters. We o�er some optimality criterion for the solution of the last-mentioned
problem of cluster analysis.The stability methodology in constructing the criterion is used,
this is not new in the cluster analysis, [1, 2, 3, 4, 5] criterions are based on this principle.
For the clusters robustness study the result comparison principle is used. The comparison of
clusters is performed by a predetermined distance function in our proposed approach � the
similarity metric. The main assumption of our method is inaccuracy of the data studied. If
the low perturbation of data is added then the clustering should be the same. There are
two cases then the data errors level is known and otherwise. In the �rst case the additional
perturbations variance is known and supporting studies of perturbation is not needed. The
second case needs the variances level research and as a decision the set of variances is being
considered. The perturbations are from some random distribution with zero mean. In our
method we prefer the uniform distribution U(−σ, σ). The set of initial data is noted as X,
set of perturbed data Xσ = X + ε, the data clustering � A(X), the distance between
clustering � d(A(X), A(Xσ)). The number of perturbation generation for each variance
level equals to n times. The variability frequency is introduced and shows the stability level
of the clustering:

νσ =

∑n
i=1 d(A(X), A(Xσ,i))

n
.

The method is tested on arti�cial data and on the real data. The �rst test shows the
proposed approach e�ciency. The second test shows the real situation when the o�ered
method works. The method determines only locally-optimal clustering.
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AudimaxxA functional limit theorem for the number of occupied boxes in the Bernoulli sieve

Let T :=
(
Tk
)
k=0,1,...

be a multiplicative random walk de�ned by

T0 := 1, Tk :=

k∏
i=1

Wi, k ∈ N

where
(
Wk

)
k∈N are independent copies of a random variable W taking values in the open

interval (0, 1). Let U1, . . . , Un be independent random variables with a uniform distribution
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on [0, 1] which are also independent of
(
Wk

)
k∈N. A random allocation scheme in which

'balls' U1, . . . , Un are allocated over an in�nite array of 'boxes' (Tk, Tk−1], k ∈ N, is called
the Bernoulli sieve.

For r = 1, . . . , n denote by Kn,r the number of boxes occupied by exactly r balls and
de�ne the random process

Kn(t) :=

[nt]∑
r=1

Kn,r, t ∈ [0, 1].

In this talk, which is based on a recent work [1] by Iksanov and Marynych, we present the
results concerning weak convergence of (Kn(t))t∈[0,1] on the Skorokhod space D[0, 1].
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AudimaxxApplication of Gaussian process regression (GPR) in Iran National and

Sub-national Burden of Diseases, Injuries, and Risk Factors (NASBOD)

Objectives: The NASBOD study is a project in Iran including novel methods partly
adopted from Global Burden of Diseases (GBD) which has several steps and various sources
of information. Most of data sets are not complete over the time or space and we had to
apply a comprehensive model to overwhelm these problems and produce accurate estimates
with more precise uncertainty interval.
Material and methods: GPR is a Bayesian estimation technique which is well suited for
time series data, because it can preserve correlation in uncertainty over time. Gaussian Pro-
cess (GP) behaves like multivariate normal distribution, the di�erence is that their mean and
covariance are functions. Mean function is Linear Mixed E�ects Spatial-Temporal (LME-
ST) that is a two stage model. In the �rst stage, we implement a LME Model for target
variable with �xed e�ects of covariates and the random e�ect of region. In the second
stage, calculated residual from LME Model have been adjusted by a weighted regression.
These weights were de�ned according to neighboring information of time, space and age
groups and then they are added back onto the LME estimations. Among the various co-
variance functions for GP, Matern function is chose that is a suitable one for time series
data and it is de�ned completely by its parameters. These are amplitude, scale and degree
of di�erentiability determined by data and cross validation. By using Markov Chain Monte
Carlo (MC-MC) sampling from normal distribution with GP mean and variance including
sampling and non-sampling errors, we derive �nal estimates with 95% uncertainty interval.
We use RStan package in this work as an e�cient way to implement Bayesian approach.
Results and conclusions: We tested both in-sample and out-of-sample performance
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of GPR model to child mortality data in NASBOD project. GPR achieves a better in-
sample performances (Median Relative Error=5.97) than other methods including LME
(MRE=8.89), Loess (MRE=9.1), LME-ST (MRE=7.38). GPR also had better out-of-
sample prediction (MRE=10.5) compared to other alternative models, LME (MRE=14.2),
Loess (MRE=13.9), LME-ST (MRE=13.1). GPR method has some applied advantages
including provide uncertainty both over time and in speci�c times. It also produce robust
estimates in the presence of data scarcity. The LME-ST as mean function use informa-
tion from neighboring provinces, nearby time periods and age groups that empower its
performance and in fact this procedure result in obtaining more intuitive priors.

Arzoo Musta�1

1Patna University, Statistics, Patna
01.03.2016
PP | 18:30
AudimaxxDemographic Dividend and Prospects for Economic Development in India

Demography is the statistical study of human populations. Every fast growing Asian
economy in recent years has accelerated as it underwent a demographic transition. There is
need to investigate the impact of demographic changes on social economic and poÂ¬litical
structures of nations. An emerging dimension of demography that has now entered the
debate is the in�uence of age structure on economic growth. An increase in the share of
the young working age group can be bene�cial for growth because such people are more
productive and contribute more to the economy. Due to the positive e�ects of an increase in
the working age group, this bulk in the age structure is also called a "demographic dividend".
However, there is nothing automatic about this dividend, if complementary institutions and
policies are not in place, this dividend could turn out to be a "curse" rather that a "gift"
because a large cohort of young unemployed people can turn into an economic disaster.
India is the country of interest for this study. The motivation for the studying India is
compelling: it is both a demographic and an (emerging) economic giant in the world. The
main aim of this study is two-fold. The �rst is to examine the impact of age structure on
economic growth across Indian States. The second aim is to analyze whether the positive
relationship which has historically been experienced in India between working age ratios and
economic growth is at serious risk of altering with some selected states entering into the
demographic transition. A balanced panel dataset for some major Indian States with data
with ten year intervals from 1981-2011 would be used (secondary sources). The data would
be used for the Empirical Estimation given by Bloom and Canning (2004) for the standard
conditional convergence equation and we use of some of the statistical tools and software
(SPSS) for measuring the "Demographic Dividend.â� Based on the evidences we would �nd
that India is an extremely heterogeneous society and this fact motivates this research to
further investigate these di�erences.
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Audimaxxon the estimate the covariance function of homogeneous and isotropic

vector-valued random �eld of the sphere

Let ξ⃗(P, t) : P ∈ Sn a homogeneous on time variable and isotropic on a space variable
vector-valued random �eld with components ξa(P, t)(a = 1, . . . , r) on Sn × R, where Sn
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is the unit sphere Sn of the n-rd dimensional space Rn, and R = (−∞,+∞) which has
�nite second order moment and which for each t is continuous in quadratic mean (q.m.).
Eξ⃗(P, t) = µ, µ− unknown.

Let �eld ξ⃗(P, t) is observed for all points of Sn and on time [0, T ]. As an estimate of
the covariance function of a random �eld ξ⃗(P, t) the following statistics is considered:

BT (θ, t) = ω−1
n

NT∑
m=0

h(m,n)
C

n−2
2

m (cos θ)

C
n−2
2

m (1)
r̂Tm(t)

where

a,br̂
T
m(t) =

+∞∫
−∞

eiλt a,bI
T
m(λ) dλ

a,bI
T
m(λ) is the periodogram, 0 ≤ θ ≤ π, h(m,n) = (2m+ n− 2) (m+n−3)!

(n−2)!m! is the number

linearly independent spherical harmonics of degree m, ωn = 2πn/2
/
Γ(n/2)− of the area

of the surface Sn and Cν
m(ν ̸= 0) - Gegenbauer polynomials, for each T,NT is a positive

integer and NT → ∞ as T → ∞.
In this paper we study asymptotic distribution estimate of the covariance function.
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AudimaxxBootstrap-based bandwidth selection for conditional density estimation for mixed

categorical and functional data

Nonparametric density and conditional density estimation of mixed continuous and cat-
egorical data play a role when logit or probit models are generalized to a nonparametric
setting. For the estimator in the case of categorical real variables Yi given functional data
Xi, i = 1, . . . , n we follow the idea in Bontemps, Racine and Simioni (2009) in the real case
where smoothing is also allowed for the categorical variable. As always in nonparametric
estimation, the choice of a smoothing parameters is a critical but necessary problem which
we will consider here.
For conditional densities where both random variables are continuous and real valued, a pro-
cedure for bandwidth choice is proposed in Bashtannyk and Hyndman (2001). We adopt
this approach for our estimator

f̂Y |X (y|χ) =
∑n

i=1K
(d(Xi,χ)

h

)
[(1− λ)I{Yi=y} + λI{Yi ̸=y}]∑n
i=1K

(d(Xi,χ)
h

)
with a categorical and a functional random variable where h is the bandwidth for the
functional variable and λ the one for the categorical variable. We use a parametric bootstrap
method for the one bandwidth in iteration with a regression based approach for the other
bandwidth to select a suitable pair of smoothing parameters.
The performance of the method is tested in a simulation study and compared to a cross
validation bandwidth selection.
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AudimaxxOptimal Order Execution across Multi-platform

In this study, we consider the problem of optimal splitting of a large order across multiple
trading venues. A trader has access to a wide variety of alternative destinations to send each
piece of her large order. Conventional optimal trade execution models focus on minimizing
the trading impact by splitting a large order into smaller chunks spread in time. Order
placement problem �nds the optimal decision on the order size and the destination in time.
In the Multi-platform environment, Limit Order �ows can be viewed as Multivariate ver-
sions of the Poisson process with independent increments and the Markov property. These
properties are used to characterize the optimal order placement problem and formulated as
a discrete-time Markov Decision Processes, where the state process is a Piecewise Deter-
ministic Markov Process (PDMP). Finally, the performance of the algorithm is investigated
on the simulated data associated with heterogeneity in trading venues.
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AudimaxxVibrational zeke photoelectron spectroscopy of chlorobenzene cation

Zero-kinetic-energy (ZEKE) photoelectron spectroscopy was used to probe the vibrational
levels in the ground electronic state of the chlorobenzene cation using a two-color
photoionization scheme via the S1 electronic state of the neutra [1]. Exciting through
di�erent S1 vibrational levels has revealed mixing of some S1 normal coordinates in the
ground state of the cation. A previously-identi�ed Fermi resonance in the S1 state of the
neutral is also con�rmed by the ZEKE spectra. The adiabatic ionization energy is measured
as 73, 170pm5,cm−1.

References:
[1] T.G. Wright, S.I. Panov and T. A. Miller J. Chem. Phys. 102 (12), XXXX March
1995.
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AudimaxxSingle-level and multilevel models to analyse binary response data: a comparative

study

Background: Complications of pregnancy and childbirth are a leading cause of maternal
morbidities and mortalities for women of reproductive age in developing countries including
Ethiopia.
Objective: This study has aimed to �nd out the determinants of utilization of maternal
health care services in Ethiopia at individual and regional levels.
Methods: The study used data from the Ethiopian Demographic and Health Survey con-
ducted in 2011. Descriptive Statistics and both multiple and multilevel logistic regression
models were employed to analysis the data.
Result: The descriptive analysis of the study revealed that the coverage of antenatal care
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service uptake was only 35.1% while that of delivery care was 9.6%. Result of the multiple
binary logistic regressions showed that maternal education, region, marital status of women,
mothers exposure to media and visit of Community Health Workers (CHW) were found to
be signi�cant determinants of antenatal care service usage. Similarly, three variables namely,
maternal educational, region and religion were signi�cant predictors of usage of delivery care
service. The signi�cant deviance based chi-square test of multi-level model with random in-
tercept and random slope was found to be the best �t to the Antenatal Care (ANC) service
data. Moreover, it was found out that multilevel model was much better than the single
level regression model in �tting the data. The variance of the random component related
to the intercept term indicated variations in the uptake of antenatal care service among the
regions while that of the slope term showed the between region variation due to the e�ect
of the corresponding explanatory variable. We also found that Mothers education, visit of
CHW, religion, marital status of women and mothers exposure to media were signi�cant
determinants of variations of use of ANC service among regions.
Conclusion: To improve women utilization of health care services and reduce maternal
mortality in Ethiopia some crucial measures should be taken quickly. The measures should
focus on educating women and girls, providing relevant information through media and
CHW about mothers health care services, shaping the traditional believes of mothers in the
utilization of the services and improve service quality. The deviance-based chi-square test
shows that multilevel model is better analysis method than one-level regression method.
Therefore, it is recommended that multilevel models are better than single level models
when the data structure is hierarchical.
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AudimaxxEstimation of structural breaks in short panels

We study estimation of structural breaks for common changes within short signal-plus-
noise panels including a common factor model. As estimates we consider classical weighted
CUSUM estimates and the recent (but as turns out related) group fused LASSO approach
of Bleakley and Vert (2010, 2011): we investigate consistency w.r.t. di�erent weighting
schemes in the limiting case of the high-dimensional "large p, small n� situation, i.e. the
time horizon n is assumed to be �xed and only the dimensionality p tends to in�nity.
Existing theory is developed further in two directions and new weightings are proposed:
1. we show the necessity of an additional covariance-based correction term under tem-
poral dependence to ensure uniform consistency across all possible change-locations and
change-sizes. (Rather surprisingly, the inference on change-locations is wrong without this
correction.)
2. we derive sharp bounds on the change to noise ratio that ensures consistency in the i.i.d.
setting for classical weightings.
Finally, the performance of all procedures (as well as some further random-change and
multiple-change extensions) will be demonstrated empirically in a simulation study.
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